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Prologue

"How can it be that mathematics, being after all a product of human thought independent of experience, is so admirably adapted
to the objects of reality?." - Albert Einstein (1879-1955)

Introduction

THIS BOOK IS WRITTEN FOR AN UNDERGRADUATE COURSE On the introduction to differential equations typically taken by
majors in mathematics, the physical sciences, and engineering. In this course we will investigate analytical, graphical, and
approximate solutions of differential equations. We will study the theory, methods of solution and applications of ordinary
differential equations. This will include common methods of finding solutions, such as using Laplace transform and power series
methods.

Students should also be prepared to review their calculus, especially if they have been away from calculus for a while. Some of
the key topics are reviewed in the appendix. In particular, students should know how to differentiate and integrate all elementary
functions, including hyperbolic functions. They should review the methods of integration as the need arises, including methods
of substitution and integration by parts. For the most part, we will just need material from Calculus I and II. Other topics from
Calculus II that we will review are infinite series and introductory differential equations and applications.

Most students will have just come out of the calculus sequence knowing all about differentiation and integration. We hope that
they have also seen plenty of applications. In this course, we will extend these applications to those connected with differential
equations. Differential equations are equations involving an unknown function and its derivatives. If the function is a function of a
single variable, then the equations are known as ordinary differential equations, the subject of this book. If the unknown function
is a function of several independent variables, then the equation is a partial differential equation, which we will not deal with in
this course. Finally, there may be several unknown functions satisfying several coupled differential equations. These systems of
differential equations will be treated later in the course and are often the subject of a second course in differential equations.

In all cases we will be interested in specific solutions satisfying a set of initial conditions, or values, of the function and some of
its derivatives at a given point of its domain. These are known as initial value problems. When such conditions are given at several
points, then one is dealing with boundary value problems. Boundary value problems would be the subject of a second course in
differential equations and in partial differential equations.

We will begin the study of differential equations with first order ordinary differential equations. These equations involve only
derivatives of first order. Typical examples occur in population modeling and in free fall problems. There are a few standard
forms which can be solved quite easily. In the second chapter we move up to second order equations. As the order increases,
it becomes harder to solve differential equations analytically. So, we either need to deal with simple equations or turn to other
methods of finding approximate solutions.

For second order differential equations there is a theory for linear second order differential equations and the simplest equations
are constant coefficient second order linear differential equations. We will spend some time looking at these solutions. Even
though constant coefficient equations are relatively simple, there are plenty of applications and the simple harmonic oscillator
is one of these. The solutions make physical sense and adding damping and forcing terms leads to interesting solutions and
additional methods of solving these equations.

Not all differential equations can be solved in terms of elementary functions. So, we turn to the numerical solution of differential
equations using the solvable models as test beds for numerical schemes. This also allows for the introduction of more realistic
models. Using Computer Algebra Systems (CAS) or other programming environments, we can explore these examples.

A couple hundred years ago there were no computers. So, mathematicians of the day sought series solutions of differential
equations. These series solutions led to the discovery of now famous functions, such as Legendre polynomials and Bessel
functions. These functions are quite common in applications and the use of power series solutions is a well known approach to
finding approximate solutions by hand.

Another common technique for solving differential equation, both ordinary and partial, are transform methods. One of the
simplest of these is the Laplace transform. This integral transform is used to transform the ordinary differentia equation to an
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algebraic equation. The solution of the algebraic equation is then used to uncover the solution to the differential equation. These
techniques are often useful in systems theory or electrical engineering.

In recent decades the inclusion of technology in the classroom has allowed for the introduction of systems of differential
equations into the typical course on differential equations. Solutions of linear systems of equations is an important tool in the
study of nonlinear differential equations and nonlinear differential equations have been the subject of many research papers over
the last several decades. We will look at systems of differential equations at the end of the book and discuss the stability of
solutions in dynamical systems.

Technology and Tables

AS YOU PROGRESS THROUGH THE COURSE, you will often have to compute integrals and derivatives by hand. However, many
readers know that some of the tedium can be alleviated by using computers, or even looking up what you need in tables. In some
cases you might even find applets online that can quickly give you the answers you seek.

You also need to be comfortable in doing many computations by hand. This is necessary, especially in your early studies, for
several reasons. For example, you should try to evaluate integrals by hand when asked to do them. This reinforces the techniques,
as outlined earlier. It exercises your brain in much the same way that you might jog daily to exercise your body. The more
comfortable you are with derivations and evaluations, the easier it is to follow future lectures without getting bogged down by the
details, wondering how your professor got from step A to step D. You can always use a computer algebra system, or a Table of
Integrals, to check on your WORK.

Problems can arise when depending purely on the output of computers, or other "black boxes." Once you have a firm grasp on
the techniques and a feeling as to what answers should look like, then you can feel comfortable with what the computer gives
you. Sometimes, Computer Algebra Systems (CAS) like Maple, can give you strange looking answers and sometimes even wrong
answers. Also, these programs cannot do every integral or solve every differential equation that you ask them to do. Even some
of the simplest looking expressions can cause computer algebra systems problems. Other times you might even provide wrong
input, leading to erroneous results.

Another source of indefinite integrals, derivatives, series expansions, etc, is a Table of Mathematical Formulae. There are several
good books that have been printed. Even some of these have typos in them, so you need to be careful. However, it may be worth
the investment to have such a book in your personal library. Go to the library, or the bookstore, and look at some of these tables
to see how useful they might be.

There are plenty of online resources as well. For example, there is the Wolfram Integrator at http://integrals.wolfram.com/ as well
as the recent http://www.wolframalpha.com/. There is also a wealth of information at the following sites: http://www.sosmath.com/,
http://www.math2.org/, http://mathworld.wolfram.com/, and http: / / functions.wolfram.com /.

While these resources are useful for problems which have analytical solutions, at some point you will need to realize that most
problems in texts, especially those from a few decades ago, are mostly aimed at solutions which either have nice analytical
solutions or have solutions that can be approximated using pencil and paper.

More and more you will see problems which need to be solved numerically. While most of this book (97%) stresses the traditional
methods used for determining the exact or approximate behavior of systems based upon solid mathematical methods, there are
times that an basic understanding of computational methods is useful. Therefore, we will occasionally discuss some numerical
methods related to the subject matter in the text. In particular, we will discuss some methods of computational physics such as
the numerical solution of differential equations and fitting data to curves. Applications will be discussed which can only be solved
using these methods.

There are many programming languages and software packages which can be used to determine numerical solutions to algebraic
equations or differential equations. For example, CAS (Computer Algebra Systems) such as Maple and Mathematica are available.
Open source packages such as Maxima, which has been around for a while, Mathomatic, and the SAGE Project, do exist as
alternatives. One can use built in routines and do some programming. The main features are that they can produce symbolic
solutions. Generally, they are slow in generating numerical solutions.

For serious programming, one can use standard programming languages like FORTRAN, C and its derivatives. Recently, Python

has become an alternative and much accepted resource as an open source programming language and is useful for doing
scientific computing using the right packages.
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Also, there is MATLAB. MATLAB was developed in the 1980" s as a Matrix Laboratory and for a long time was the standard outside
"normal" programming languages to handle non-symbolic solutions in computational science. Similar open source clones have
appeared, such as Octave. Octave can run most MATLAB files and some of its own. Other clones of MATLAB are ScilLab, Rlab,
FreeMat, and PyLab.

In this text there are some snippets provided of Maple and MATLAB routines. Most of the text does not rely on these; however,
the MATLAB snippets should be relatively readable to anyone with some knowledge of computer packages, or easy to pass to
the open source clones, such as Octave. Maple routines are not so simple, but may be translatable to other packages with a little
effort. However, the theory lying behind the use of any of these routines is described in the text and the text can be read without
explicit understanding of the particular computer software.
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1: FIRST ORDER ODES

"The profound study of nature is the most fertile source of mathematical discoveries." - Joseph Fourier (1768-1830)
1.1: Free Fall
1.2: First Order Differential Equations
1.3: Applications
1.4: Other First Order Equations
1.5: Problems

This page titled 1: First Order ODEs is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman
via source content that was edited to the style and standards of the LibreTexts platform.
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1.1: Free Fall

In this chapter we will study some common differential equations that appear in physics. We will begin with the simplest types
of equations and standard techniques for solving them We will end this part of the discussion by returning to the problem of free
fall with air resistance. We will then turn to the study of oscillations, which are modeled by second order differential equations.

Free fall example

Let us begin with a simple example from introductory physics. Recall that free fall is the vertical motion of an object solely
under the force of gravity. It has been experimentally determined that an object near the surface of the Earth falls at a constant
acceleration in the absence of other forces, such as air resistance. This constant acceleration is denoted by —g, where g is called
the acceleration due to gravity. The negative sign is an indication that we have chosen a coordinate system in which up is positive.

We are interested in determining the position, y(t¢), of the falling body as a function of time. From the definition of free fall, we
have

i(t) = —g. (1.1.1)

Note that we will occasionally use a dot to indicate time differentiation.

Differentiation with respect to time is often denoted by dots instead of
primes

This notation is standard in physics and we will begin to introduce you to this notation, though at times we might use the more
familiar prime notation to indicate spatial differentiation, or general differentiation.

In Equation 1.1.1 we know g. It is a constant. Near the Earth’s surface it is about 9.81 m/s? or 32.2ft/s2. What we do not know is y(t)
. This is our first differential equation. In fact it is natural to see differential equations appear in physics often through Newton’s
Second Law, F' = ma, as it plays an important role in classical physics. We will return to this point later.

So, how does one solve the differential equation in 1.1.1? We do so by using what we know about calculus. It might be easier
to see when we put in a particular number instead of g. You might still be getting used to the fact that some letters are used to
represent constants. We will come back to the more general form after we see how to solve the differential equation.

Consider
i(t) = 5.

Recalling that the second derivative is just the derivative of a derivative, we can rewrite this equation as

d (dy

— (=) =5

dt ( dt )
This tells us that the derivative of dy/dt is 5 . Can you think of a function whose derivative is 5 ? (Do not forget that the
independent variable is t.) Yes, the derivative of 5t with respect to ¢ is 5 . Is this the only function whose derivative is 5 ? No!

You can also differentiate 5¢ + 1,5t + 7, 5t — 6, etc. In general, the derivative of 5¢ + C is 5, where C is an arbitrary integration
constant.

So, Equation 1.1.2 can be reduced to

dy
- =0t+C

Now we ask if you know a function whose derivative is 5t + C. Well, you might be able to do this one in your head, but we just need
to recall the Fundamental Theorem of Calculus, which relates integrals and derivatives. Thus, we have
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y(t) = th +Ct+D

where D is a second integration constant.

Equation 1.1.5 gives the solution to the original differential equation. That means that when the solution is placed into the
differential equation, both sides of the differential equation give the same expression. You can always check your answer to a
differential equation by showing that your solution satisfies the equation. In this case we have

j(t) = & (it2+Ct+D) = i(5::+C) =5
YW= 2 Tt B

Therefore, Equation 1.1.5 gives the general solution of the differential equation.

We also see that there are two arbitrary constants, C and D. Picking any values for these gives a whole family of solutions. As we
will see, the equation §(t) =5 is a linear second order ordinary differential equation. The general solution of such an equation
always has two arbitrary constants.

Let’s return to the free fall problem. We solve it the same way. The only difference is that we can replace the constant 5 with the
constant —g. So, we find that

and
1 2

Once you get down the process, it only takes a line or two to solve.

There seems to be a problem. Imagine dropping a ball that then undergoes free fall. We just determined that there are an infinite
number of solutions for the position of the ball at any time! Well, that is not possible. Experience tells us that if you drop a ball
you expect it to behave the same way every time. Or does it? Actually, you could drop the ball from anywhere. You could also toss
it up or throw it down. So, there are many ways you can release the ball before it is in free fall producing many different paths, y(t)
. That is where the constants come in. They have physical meanings.

If you set t = 0 in the equation, then you have that y(0) = D. Thus, D gives the initial position of the ball. Typically, we denote
initial values with a subscript. So, we will write y(0) = yo. Thus, D = y,.

That leaves us to determine C. It appears at first in Equation 1.1.6. Recall that d_ztl’ the derivative of the position, is the vertical

velocity, v(t). It is positive when the ball moves upward. We will denote the initial velocity v(0) = vo. Inserting ¢ = 0 in Equation
1.1.6, we find that (0) = C. This implies that C = v(0) = v.

Putting this all together, we have the physical form of the solution for free fall as
1 2
y(t) = —5 gt vt +yo

Doesn’t this equation look familiar? Now we see that the infinite family of solutions consists of free fall resulting from initially
dropping a ball at position y, with initial velocity vy. The conditions y(0) = yo and §(0) = v, are called the initial conditions. A
solution of a differential equation satisfying a set of initial conditions is often called a particular solution. Specifying the initial
conditions results in a unique solution.

So, we have solved the free fall equation. Along the way we have begun to see some of the features that will appear in the
solutions of other problems that are modeled with differential equation. Throughout the book we will see several applications
of differential equations. We will extend our analysis to higher dimensions, in which we case will be faced with socalled partial
differential equations, which involve the partial derivatives of functions of more that one variable.

But are we done with free fall? Not at all! We can relax some of the conditions that we have imposed. We can add air resistance.
We will visit this problem later in this chapter after introducing some more techniques. We can also provide a horizontal
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component of motion, leading to projectile motion.

Figure 1.1.1: Free fall far from the Earth from a height h(¢) from the surface.

Finally, we should also note that free fall at constant g only takes place near the surface of the Earth. What if a tile falls off the
shuttle far from the surface of the Earth? It will also fall towards the Earth. Actually, the tile also has a velocity component in
the direction of the motion of the shuttle. So, it would not necessarily take radial path downwards. For now, let's ignore that
component. To look at this problem in more detail, we need to go to the origins of the acceleration due to gravity. This comes out
of Newton’s Law of Gravitation. Consider a mass m at some distance h(t) from the surface of the (spherical) Earth. Letting M and
R be the Earth’s mass and radius, respectively, Newton’s Law of Gravitation states that

ma = F
dzh(t) mM
m——-=-—-G————
dt? (R+ h(t))?

Here G = 6.6730 x 10~ m? kg™! 572 is the Universal Gravitational Constant, M = 5.9736 x 10*! kg and R = 6371 km are the Earth’s
mass and mean radius, respectively. For \(h<

Thus, we arrive at a differential equation

d?h(t) GM

dt> —  (R+h(1)?’

This equation is not as easy to solve. We will leave it as a homework exercise for the reader.

This page titled 1.1: Free Fall is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman via
source content that was edited to the style and standards of the LibreTexts platform.
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1.2: First Order Differential Equations

n-th order ordinary differential equation.

Before moving on, we first define an n-th order ordinary equation. It is an equation for an unknown function y(x) a relationship

between the unknown function and its first n derivatives. One could write this generally as
F(y"(2),y" P (2),....y (@), y(z),z) =0

Here 3™ () represents the nth derivative of y(x).

Initial value problem.

An initial value problem consists of the differential equation plus the values of the first n — 1 derivatives at a particular value of

the independent variable, say z :

Yy (20) = yuo1s YV (20) = Yno2s ey Y(T0) =0

Linear nth order differential equation.
A linear nth order differential equation takes the form

an(2)y™ (@) + a1 (@)y" V(@) + ... + ar(2)y (z) + ag(2)y(z)) = f(2)

Homogeneous and nonhomogeneous equations.

If f(x) =0, then the equation is said to be homogeneous, otherwise it is called nonhomogeneous.

First order differential equation.

Typically, the first differential equations encountered are first order equations. A first order differential equation takes the form

F(y,y,z)=0

There are two common first order differential equations for which one can formally obtain a solution. The first is the separable
case and the second is a first order equation. We indicate that we can formally obtain solutions, as one can display the needed
integration that leads to a solution. However, the resulting integrals are not always reducible to elementary functions nor does

one obtain explicit solutions when the integrals are doable.

Separable Equations

A first order equation is separable if it can be written the form

g—z = f(z)g(y)

Special cases result when either f(z) =1 or g(y) = 1. In the first case the equation is said to be autonomous.

Separable equations. The general solution to Equation 1.2.1 is obtained in terms of two integrals:

/%z/f(x)dw+0,

@IOIC]E) 5 (1.2.1)
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where C is an integration constant. This yields a 1-parameter family of solutions to the differential equation corresponding to
different values of C. If one can solve Equation 1.2.2 for y(z), then one obtains an explicit solution. Otherwise, one has a family of
implicit solutions. If an initial condition is given as well, then one might be able to find a member of the family that satisfies this
condition, which is often called a particular solution.

Example 1.2.1

y = 2zy,y(0) = 2.
Solution

Applying Equation 1.2.6, one has

/@:/Zxdx—l—()
Yy

Intergrating yields
Inly| = x> + C.
Exponentiating, one obtains the general solution,
y(z) = :i:e””2+c — Ae®

Here we have defined A = +¢€. Since C is an arbitrary constant, A is an arbitrary constant. Several solutions in this 1
-parameter family are shown in Figure 1.2.1.

10‘_

_10_

Figure 1.2.1: Plots of solutions from the 1- parameter family of solutions of Example 1.2.1 for several initial conditions.

Next, one seeks a particular solution satisfying the initial condition. For y(0) = 2, one finds that A = 2. So, the particular solution
satisfy-ing the initial condition is y(z) = 2¢*".

yy’ = —z. Following the same procedure as in the last example, one obtains:

/ydy:—/mdw+0:>y2:—:v2+A, where A =2C

@IOIC]E) 6 (1.2.2)
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Then we obtain an implicit solution. Writing the solution as z2 + 32 =.

Thus, we obtain an implicit solution. Writing the solution as z2 + 3> = A, we see that this is a family of circles for A > 0 and
the origin for A = 0. Plots of some solutions in this family are shown in Figure 1.2.2.

Figure 1.2.2: Plots of solutions of Example 1.2.2 for several initial conditions.

Linear First Order Equations
The second type of first order equation encountered is the linear first order differential equation in the standard form

Y (z) + p(z)y(z) = q(z)

In this case one seeks an integrating factor, u(x), which is a function that one can multiply through the equation making the left
side a perfect derivative. Thus, obtaining,

L lw@)@)] = p@)atz)
The integrating factor that works is u(z) = exp ([ p(£)d€). One can derive u(z) by expanding the derivative in Equation 1.2.8,
u(@)y () + ' (2)y(z) = p(@)q(z)
and comparing this equation to the one obtained from multiplying 1.2.7 by u(z) :
w(@)y' () + pl@)p(z)y(z) = p(z)q(z)
Note that these last two equations would be the same if the second terms were the same. Thus, we will require that

WD) wypta)

Integrating factor

This is a separable first order equation for u(z) whose solution is the integrating factor:
n(z) = exp (/ p(&)dﬁ)

Equation 1.2.8 is now easily integrated to obtain the general solution to the linear first order differential equation:

@IOIC]E) 7 (1.2.3)
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Example 1.2.3

zy' +y=z, z>0,y(1)=0.

One first notes that this is a linear first order differential equation. Solving for 3/, one can see that the equation is not
separable. Furthermore, it is not in the standard form 1.2.7. So, we first rewrite the equation as

. 1 . . .
Noting that p(z) = —, we determine the integrating factor
x

,u(z):exp{/ﬁd?g]:elnz:x

Multiplying Equation 1.2.13 by u(z) = z, we actually get back the original equation! In this case we have found that zy’ +y
must have been the derivative of something to start. In fact, (zy)’ = zy’ + z. Therefore, the differential equation becomes

(zy)’ ==
Integrating, one obtains
1
Ty = 5$2 +C
Or
1 C
Inserting the initial condition into this solution, we have 0 = 3 + C. Therefore, C = —-3 Thus, the solution of the initial value
problem is
1 1
y(z) 9 (m - ;)
. .. . . 1
We can verify that this is the solution. Since y’ = 7 + 257 we have
X
gL +1+1< 1)_
xy Yy= 2 X o0 2 x - =x.
1
Also, y(1) = 5(1 —1)=0.

Example 1.2.4
2

(sinz)y” + (cosx)y = z*.
Solution

Actually, this problem is easy if you realize that the left hand side is a perfect derivative. Namely,
d . . p
d—((sm x)y) = (sinx)y’ + (cosz)y
X

But, we will go through the process of finding the integrating factor for practice.

@IOIC]E) 8 (1.2.4)
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First, we rewrite the original differential equation in standard form. We divide the equation by sin z to obtain
v + (cotz)y = z? cscx

Then, we compute the integrating factor as
\(u(z) = exp (/ cot fdf) = elbine) — gin g (1.2.3)

Using the integrating factor, the standard form equation becomes

2 ((sinayy) = 2*

Integrating, we have

So, the solution is

There are other first order equations that one can solve for closed form solutions. However, many equations are not solvable, or
one is simply interested in the behavior of solutions. In such cases one turns to direction fields or numerical methods. We will
return to a discussion of the qualitative behavior of differential equations later and numerical solutions of ordinary differential
equations later in the book.

Exact Differential Equations

Some first order differential equations can be solved easily if they are what are called exact differential equations. These
equations are typically written using differentials. For example, the differential equation

d
N(a,y) 2% +M(z,) = 0

can be written in the form
M(z,y)dz + N(z,y)dy =0

This is seen by multiplying Equation 1.2.14 by dz and noting from calculus that for a function y = y(x), the relation between the
differentials dz and dy is

dy
dy = —=d
Y dx a:

Differential one-forms. The expression M(z,y)dz + N(z,y)dy is called a differential one-form. Such a one-form is called exact if
there is a function u(z, y) such that

M(z,y)dz + N(z,y)dy = du

Exact one-form. However, from calculus we know that for any function u(z,y),

If du = M(z,y)dz + N(z,y)dy, then we have

@IOIC]E) 9 (1.2.5)
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ou

Er M(z,y)
xr

5 (1.2.4)
u

= =N

ay (z,y)

Since
8%u _ 8%u
dzdy  Oyox

when these second derivatives are continuous, by Clairaut’s Theorem, then we have

o _ov
dy ~ Oz

must hold if M(z,y)dx + N(z,y)dy is to be an exact one-form.

In summary, we have found that

Theorem 1.2.1: Condition for exactness

Conditions for M (z,y)dz + N(z,y)dy = 0 to be exact

The differential equation M (z, y)dx + N(z,y)dy = 0 is exact in the domain D of the zy-plane for M, N, M,, and N, continuous
functions in D if and only if

oM _ on
dy Oz

holds in the domain.

Furthermore, if du = M(z,y)dz + N(z,y)dy = 0, then u(z,y) = C, for C an arbitrary constant. Thus, an implicit solution can be
found as

z y
/ M(z,y)dx + N(z,y)dy=C
o

Yo

We show this in the following example.

Example 1.2.5

Show that (z* + zy?) dz + (z%y + y®) dy = 0 is an exact differential equation and obtain the corresponding implicit solution

We first note that

oM _, oN _,
oy Y gy =2

Since these partial derivatives are the same, the differential equation is exact. So, we need to find the function u(z,y) such
that Missing or unrecognized delimiter for \right . zy?t)dz + (zPy + y°) dy.

vt
4

4
First, we note that 2® = d (%) and y® =d ( ).The remaining terms can be combined to find that
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zy’dz + ydy = zy(ydz + zdy)
= oyd(zy) (1.2.5)
2
ot
2
Combining these results, we have
.T4 .szQ y4
u = T + 9 + T = C

What if the one-form is not exact?

So, what if M(z,y)dz + N(z,y)dy is not exact? We can multiply the oneform by an integrating factor, u(z), and try to make he
resulting form exact. We let

du = pMdx + pNdy

For the new form to be exact, we have to require that

3 M) = 2 (1)

Carrying out the differentiation, we have
op . 0p (8M _ON )
oz dy s dy Oz

Thus, the integrating factor satisfies a partial differential equation. If the integrating factor is a function of only = or y, then this
equation reduces to ordinary differential equations for p.

As an example, if 1 = u(z), then the integrating factor satisfies

Wl (2 o)
ax  F Oy ox
Or

Ndlnp _OM  ON

de Oy Ox

(M 5_N) i i
If N ( i % is only a function of z,

then u = p(x).

e

( ON oM
M

—— — —— | is only a function of v,
ox dy ) y ¥

then u = u(y).

Example 1.2.6

Find the general solution to the differential equation (1 + y?) dz + zydy = 0.
Solution

First, we note that this is not exact. We have M(z,y) = 1 + y2 and N(z,y) = zy. Then,

@IOIC]E) 11 (1.2.7)
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oM ON

Therefore, the differential equation is not exact.
Next, we seek the integrating factor. We let
du=p (1 + y2) dx + pxydy

For the new form to be exact, we have to require that

oy nop (0 +y) dwy)
wy%—(lﬂ/)a—y—ﬂ oy o ) =M

\[\begin{aligned} & \text { If u = u(z), then

I
dz
This is easily solved as a separable first order equation. We find that u(z) = z.

Multiplying the original equation by p = z, we obtain

2 2,2
O=z(1+y2)dz+m2ydy=d(%+ z2y )

Thus,

gives the solution.

This page titled 1.2: First Order Differential Equations is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by
Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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1.3: Applications

In this section we will look at some simple applications which are modeled with first order differential equations. We will begin
with simple exponential models of growth and decay.

Growth and Decay

Some of the simplest models are those involving growth or decay. For example, a population model can be obtained under simple

. . . . . . dP
assumptions. Let P(t) be the population at time ¢. We want to find an expression for the rate of change of the population, et

Assuming that there is no migration of population, the only way the population can change is by adding or subtracting individuals
in the population. The equation would take the form

P
Cil_t = Rate In — Rate Out.

The Rate In could be due to the number of births per unit time and the Rate Out by the number of deaths per unit time. The
simplest forms for these rates would be given by

Rate In = bP and the Rate Out = mP.

Here we have denoted the birth rate as b and the mortality rate as m. This gives the total rate of change of population as

P
‘ii—tsz—mpzkp (1.3.1)

Equation 1.3.1 is a separable equation. The separation follows as we have seen earlier in the chapter. Rearranging the equation,
its differential form is

dP
— = kdt
P
Integrating, we have
dpP
/— = /kdt
P (1.3.2)
In|P|=kt+C

Next, we solve for P(t) through exponentiation, Integrating, we have

|P(t)| — ekt+C
P(t) — :l:ekt+C
C kt (1'3.3)
=te’e
= Ae™.

More generally, the initial value problem dP/dt = kP, P (t;) = P, has the solution P(t) = PyeF(t—t),
Here we renamed the arbitrary constant, +e©, as A.

If the population at t = 0 is P, i.e., P(0) = Py, then the solution gives P(0) = Ae’ = A = P,. So, the solution of the initial value
problem is

P(t) = Pye’

@IOIC]E) 13 (1.3.1)
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Malthusian population growth.

Equation 1.3.1 the familiar exponential model of population growth:

dP
— =kP

dt
This is easily solved and one obtains exponential growth (k > 0) or decay (k < 0).

This Malthusian growth model has been named after Thomas Robert Malthus (1766 — 1834), a clergyman who used this model to
warn of the impending doom of the human race if its reproductive practices continued.

Example 1.3.1

Consider a bacteria population of weight 20 g. If the population doubles every 20 minutes, then what is the population after
30 minutes? [Note: It is easier to weigh this population than to count it.]

Solution
One looks at the given information before trying to answer the question. First, we have the initial condition Py = 20 g. Since
the population doubles every 20 minutes, then P(20) = 2P, = 40. Here we have take the time units as minutes. We are then

asked to find P(30).

We do not need to solve the differential equation. We will assume a simple growth model. Using the general solution, P(t)
= 20", we have

P(20) = 20e2% = 40
or

20/{::2

We can solve this for k,

In2

20k =1n2 k=——~0.035
nz, = 20

This gives an approximate solution, P(t) ~ 20e935, Now we can answer the original question. Namely, P(30) ~ 57.
Of course, we could get an exact solution. With some simple manipulations, we have

P(t) = 20e*

) o (1.3.4)
t
220

=20

This answer takes the general form for population doubling, P(t) = P02 T, where 7 is the doubling rate.

Another standard growth-decay problem is radioactive decay. Certain isotopes are unstable and the nucleus breaks apart, leading
to nuclear decay. The products of the decay may also be unstable and undergo further nuclear decay. As an example, Uranium-238
(U-238) decays into Thorium-234 (Th-Radioactive decay problems. 234). Thorium-234 is unstable and decays into Protactinium
(Pa-234). This in turn decays in many steps until lead (Pb-206) is produced as shown in Table 1.3.1. This lead isotope is stable
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and the decay process stops. While this is one form of radioactive decay, there are other types. For example, Radon 222 (Rn-222)
gives up an alpha particle (helium nucleus) leaving Polonium (Po-218).

Table 1.3.1: U-238 decay chain.

Isotope Half-life

U8 4.468210° years
Th?* 24.1 days
Pg4m 1.17 minutes
U2 2.47210° years
Th230 8.0z10* years
Ra?% 1602 years
Rn?*? 3.823 days
Po*8 3.05 minutes
pPp?4 26.8 minutes
Bi? 19.7 minutes
Po*4 164 microsec
Py?10 21 years
Bi?0 5.01 days
Po*0 138.4 days
Pp%6 stable

Given a certain amount of radioactive material, it does not all decay at one time. A measure of the tendency of a nucleus to decay
is called the half-life. This is the time it takes for half of the material to decay. This is similar to the last example and can be
understood using a simple example.

Example 1.3.2

If 150.0 g of Thorium-234 decays to 137.6 g of Thorium234 in three days, what is its half-life?
Solution

This is another simple decay process. If Q(t) represents the quantity of unstable material, then Q(t) satisfies the rate
equation

dQ_
5 e

with k < 0. The solution of the initial value problem, as we have seen, is Q(t) = Qqe*.

. . 1 . . . .
Now, let the half-life be given by 7. Then, Q(7) = EQO' Inserting this fact into the solution, we have

Q(r) = QoekT

1

3@ = Qoe” (1.3.5)
1 _ kT
5 =e€

Noting that Q(¢) = Qo (¢*)', we solve Equation 1.3.5 for
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ek: — 271/7’
Then, the solution can be written in the general form
t
QE)=Qo2 7T
. In2
Note that the decay constant is k = —— < 0.
T
Returning to the problem, we are given
3

Q(3) = 1502 7 = 137.6

Solving to 7,
3
2— = 136.7
150
—3In2 =1n.91737
3ln2
P = “hols 24.09

Therefore, the half-life is about 24.1 days.

Newton’s Law of Cooling

If you take your hot cup of tea, and let it sit in a cold room, the tea will cool off and reach room temperature after a period of time.
The law of cooling is attributed to Isaac Newton (1642-1727) who was probably the first to state results on how bodies cool. ! The
main idea is that a body attemperature T'(¢) is initially at temperature T'(0) = T. It is placed in an environment at an ambient
temperature of T,. A simple model is given that the rate of change of the temperature of the body is proportional to the difference
between the body temperature and its surroundings. Thus, we have

T

EO(T—TQ

The proportionality is removed by introducing a cooling constant.

dT
= = k(T- T,) (1.3.6)

where k> 0.

Newton’s 1701 Law of Cooling is an approximation to how bodies cool for small temperature differences (T'— T, <« T') and
does not take into account all of the cooling processes. One account is given by C. T. O'Sullivan, Am. J. Phys (1990) p
956-960.

This differential equation can be solved by noting that the equation can be written in the form

d
E(T_Ta) :_k(T_Ta)

This is now of the form of exponential decay of the function T'(¢t) — T,. The solution is easily found as

Tt)—T, = (Ty —T,) e ™
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Or

T(t) =T, + (Ty —T,) e ™

Example 1.3.3

A cup of tea at 90°C cools to 85°C in ten minutes. If the room temperature is 22°C, what is its temperature after 30 minutes?
Solution
Using the general solution with T, = 90°C,

T(t) = 22 4 (90 — 22)e ¥ = 22 4 68¢

we then find & using the given information, T'(10) = 85°C. We have

85 = T'(10)
=22 4 68¢ 10k
63 = 68¢ 0%
_ 63 (1.3.7)
10k
== ~0.926
€ 68
—10k = In 0.926
1n 0.926
k=— = 0.00764
10

This gives the equation for this model as
[T(t) =99 + 6867000764“
Now we can answer the question. What is 7°(30)?

T(30) = 22 + 68¢~0076460) — 76°C

Terminal Velocity

Now let’s return to free fall. What if there is air resistance? We first need to model the air resistance. As an object falls faster and
faster, the drag force becomes greater. So, this resistive force is a function of the velocity. There are a couple of standard models
that people use to test this. The idea is to write F' = ma in the form

mj = —mg + f(v)

where f(v) gives the resistive force and mg is the weight. Recall that this applies to free fall near the Earth’s surface. Also, for it to
be resistive, f(v) should oppose the motion. If the body is falling, then f(v) should be positive. If it is rising, then f(v) would have
to be negative to indicate the opposition to the motion.

One common determination derives from the drag force on an object moving through a fluid. This force is given by
1 2
flv) = 5CAPU

where C is the drag coefficient, A is the cross sectional area and p is the fluid density. For laminar flow the drag coefficient is
constant.

Unless you are into aerodynamics, you do not need to get into the details of the constants. So, it is best to absorb all of the

constants into one to simplify the computation. So, we will write f(v) = bv?. The differential equation including drag can then be
rewritten as

@IOIC]E) 17 (1.3.5)



LibreTexts"

v=k’—g

where k = b/m. Note that this is a first order equation for v(t). It is separable too! Formally, we can separate the variables and
integrate over time to obtain
v dz
t+K=/
kz2—g

This is the first use of Partial Fraction Decomposition. We will explore this method further in the section on Laplace Transforms.

(Note: We used an integration constant of K since C is the drag coefficient in this problem.) If we can do the integral, then we
have a solution for v. In fact, we can do this integral. You need to recall another common method of integration, which we have
not reviewed yet. Do you remember Partial Fraction Decomposition? It involves factoring the denominator in the integral. In the
simplest case there are two linear factors in the denominator and the integral is rewritten:

/@—5@—w:bim/bia‘xiJ“

The new integral now has two terms which can be readily integrated.

In order to factor the denominator in the current problem, we first have to rewrite the constants. We let o? = g/k and write the
integrand as

Now we use a partial fraction decomposition to obtain

11 [ 1 1 }
kz2—¢g 202k lz—a z+a

Now, the integrand can be easily integrated giving

vV—Q
t+ K=—-1
+ 20k n v+ ’
Solving for v, we have
1— Be?ukt
v = T per @

where B = ¢X.B can be determined using the initial velocity.

There are other forms for the solution in terms of a tanh function, which the reader can determine as an exercise. One important
conclusion is that for large times, the ratio in the solution approaches —1. Thus, v — —a = —4 /% as t — oo. This means that the
falling object will reach a constant terminal velocity.

As a simple computation, we can determine the terminal velocity. We will take an 80 kg skydiver with a cross sectional area of
about 0.093 m?. (The skydiver is falling head first.) Assume that the air density is a constant 1.2 kg/m? and the drag coefficient is

C = 2.0. We first note that
g 2mg
T /
terminal k = C 1p

B 2(70)(9.8)
vl =\ Goj0oms s

So,

This is about 175mph, which is slightly higher than the actual terminal velocity of a sky diver with arms and feet fully extended.
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One would need a more accurate determination of C and A for a more realistic answer. Also, the air density varies along the way.

Mixture Problems

Mixture problems often occur in a first course on differential equations as examples of first order differential equations. In such
problems we consider a tank of brine, water containing a specific amount of salt with pure water entering and the mixture leaving,
or the flow of a pollutant into, or out of, a lake. The goal is to predict the amount of salt, or pollutant, at some later time.

In general one has a rate of flow of some concentration of mixture entering a region and a mixture leaving the region. The goal is
to determine how much stuff is in the region at a given time. This is governed by the equation

Rate of change of substance = Rate In — Rate Out.

The rates are not often given. One is generally given information about the concentration and flow rates in and out of the system.
If one pays attention to the dimension and sketches the situation, then one can write out this rate equation as a first order
differential equation. We consider a simple example.

Example 1.3.4: Single Tank Problem

A 50 gallon tank of pure water has a brine mixture with concentration of 2 pounds per gallon entering at the rate of 5 gallons
per minute. [See Figure 1.3.1.] At the same time the well-mixed contents drain out at the rate of 5 gallons per minute. Find
the amount of salt in the tank at time ¢. In all such problems one assumes that the solution is well mixed at each instant of
time.

AT

Figure 1.3.1: A typical mixing problem

Solution

Let z(t) be the amount of salt at time ¢. Then the rate at which the salt in the tank increases is due to the amount of salt
entering the tank less that leaving the tank. To figure out these rates, one notes that dz/dt has units of pounds per minute.
The amount of salt entering per minute is given by the product of the entering concentration times the rate at which the brine
enters. This gives the correct units:

(2 pounds ) (5 gal ) —10 pounds .

gal min min
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Similarly, one can determine the rate out as

(:Epounds ) ( gal )_ r pounds
50 gal min /10 min

Thus, we have

@ -1

This equation is solved using the methods for linear first order equations. The integrating factor is u = e*/1, leading to the
general solution

z(t) = 100 + Ae~*/10
Using the initial condition, one finds the particular solution
z(t) = 100 (1 — eft/w)

Often one is interested in the long time behavior of a system. In this case we have that lim; ., z(t) = 100lb. This makes sense
because 2 pounds per galloon enter during this time to eventually leave the entire 50 gallons with this concentration. Thus,

b
50gal X 2—— = 100lb
88 X = Bogal

Orthogonal Trajectories of Curves

There are many problems from geometry which have lead to the study of differential equations. One such problem is the
construction of orthogonal trajectories. Give a a family of curves, y;(x; a), we seek another family of curves y,(z;c¢) such that the
second family of curves are perpendicular the to given family. This means that the tangents of two intersecting curves at the point
of intersection are perpendicular to each other. The slopes of the tangent lines are given by the derivatives y;(z) and y5(z). We
recall from elementary geometry that the slopes of two perpendicular lines are related by

1

yp(z) = —m

Example 1.3.5

Find a family of orthogonal trajectories to the family of parabolae y;(z;a) = az?
Solution

We note that the new collection of curves has to satisfy the equation

/(@) 1 1
xr) = — = ——
v yi@) 2z
Before solving for y.(z), we need to eliminate the parameter a. From the give function, we have that a = % Inserting this
x
into the equation for y}, we have
1 a3
/ —_— e — e —_—.
y'(e) = 2ax 2y
Thus, to find y»(x), we have to solve the differential equation
2yy’ +z =0
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. 1 ! . . .
Noting that (y?)" = 2yy’ and (5:1:2> = z,, this (exact) equation can be Written as

d 2 1, _
E( +§$)—0

Integrating, we find the family of solutions,

In Figure 1.3.2 we plot both families of orthogonal curves.

y = ax?

. os 1
Figure 1.3.2: Plot of orthogonal families of curves, y = az? and y? + 5902 =k

Pursuit Curves*

Another application that is interesting is to find the path that a body traces out as it moves towards a fixed point or another
moving body. Such curses are know as pursuit curves. These could model aircraft or submarines following targets, or predators

following prey. We demonstrate this with an example.

Example 1.3.6

A hawk at point (z,y) sees a sparrow traveling at speed v along a straight line. The hawk flies towards the sparrow at constant
speed w but always in a direction along line of sight between their positions. If the hawk starts out at the point (a,0) at ¢t = 0,
when the sparrow is at (0, 0), then what is the path the hawk needs to follow? Will the hawk catch the sparrow? The situation
is shown in Figure 1.3.3. We pick the path of the sparrow to be along the y-axis. Therefore, the sparrow is at position (0, vt).
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(0, vt)?

Figure 1.3.3: A hawk at point (z,y) sees a sparrow at point (0, vt) and always follows the straight line between these points.

Solution

First we need the equation of the line of sight between the points (z,y) and (0, vt). Considering that the slope of the line is
the same as the slope of the tangent to the path, y = y(z), we have

, y—ut
y =

x

The hawk is moving at a constant speed, w. Since the speed is related to the time through the distance the hawk travels. We
need to find the arclength of the path between (a,0) and (z, y). This is given by

L:/ds:/ma\/l—i—[y’(x)]Qdm.

The distance is related to the speed, w, and the time, ¢, by L = wt. Eliminating the time using ¢y’ = u, we have
T

/;mdz: %(y*my/)

Furthermore, we can differentiate this result with respect to = to get rid of the integral,

Vit @) = oy

Even though this is a second order differential equation for y(z), it is a first order separable equation in the speed function
z(z) = y'(x). Namely,

Yz =1+ 22
v
Separating variables, we find
w / z__ _ / do
v V14 22 T
The integrals can be computed using standard methods from calculus. We can easily integrate the right hand side,

dz
/— =lIn|z| + ¢;.
)
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The left hand side takes a little extra work, or looking the value up in Tables or using a CAS package. Recall a trigonometric
substitution is in order. [See the Appendix.] We let z = tan . Then dz = sec? §df. The methods proceeds as follows:

/ dz B sec? 6 40
V14 22 v/1+tan26
= /sec 0do (1.3.8)

= In(tan @ + sech) + ¢y
=ln(z+ 1+z2) + ¢y

Putting these together, we have for z > 0,

ln(z—i— 1+z2) :%IH:U—FC

Using the initial condition 2=y’ =0andz =a att =0,

0=£lna+C
w

orC= —iln a.
w
Using this value for ¢, we find

In (z+ 1 +z2) = ilnx— ilna
w w

ln(z—l— 1+z2)=£ln£
w o a

v

ln(z—i- 1+z2):ln(%)a
v

2+ V1+22= (2)5
a

We can solve for z = 3/, to find

Integrating,

y(z) = - +k
2] 142 1- 2
w w
The integration constant, k, can be found knowing y(a) = 0. This gives
1 1
0= a o | Tk
21142 1-—
L w J
a1 1 (1.3.9)
~ 212 3.9
avw
w2 _ 1)2
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The full solution for the path is given by

v v

T\ +— H AN -~
a <_) v (_) v avw
a a
== - F
y(w) 9 14 ﬂ 1— i w2 — v2
w

Can the hawk catch the sparrow? This would happen if there is a time when y(0) = vt. Inserting z = 0 into the solution, we

have y(0) = 3& = ot. This is possible if w > v.
P —

V2

This page titled 1.3: Applications is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman via
source content that was edited to the style and standards of the LibreTexts platform.
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1.4: Other First Order Equations

There are several nonlinear first order equations whose solution can be obtained using special techniques. We conclude this
chapter by looking at a few of these equations named after famous mathematicians of the 17 — 18 th century inspired by various
applications.

Bernoulli Equation

The Bernoulli’s were a family of Swiss mathematicians spanning three generations. It all started with Jacob Bernoulli (1654-1705)
and his brother Johann Bernoulli (1667-1748). Jacob had a son, Nicolaus Bernoulli (1687- 1759) and Johann (1667-1748) had three
sons, Nicolaus Bernoulli II (1695-1726), Daniel Bernoulli (1700-1872), and Johann Bernoulli II (1718-1790). The last generation
consisted of Johann II's sons, Johann Bernoulli III (1747-1807) and Jacob Bernoulli II (1759-1789). Johann, Jacob and Daniel
Bernoulli were the most famous of the Bernoulli’s. Jacob studied with Leibniz, Johann studied under his older brother and later
taught Leonhard Euler (1707-1783) and Daniel Bernoulli, who is known for his work in hydrodynamics.

We begin with the Bernoulli equation, named after Jacob Bernoulli (1655-1705). The Bernoulli equation is of the form
d
d—‘z +p(2)y = q(z)y", n+#0,1

Note that when n = 0,1 the equation is linear and can be solved using an integrating factor. The key to solving this equation is

_
y" ! (z)

using the transform z(z) =

Example 1.4.1

Solve the Bernoulli equation zy’ + y = y?Inz for z > 0.

to make the equation for z(z) linear. We demonstrate the procedure using an example.

Solution

. . . 1
In this example p(z) = 1, ¢(z) = Inz, and n = 2. Therefore, we let mous of the Bernoulli's. Jacob studied z = —. Then,
)

Inserting z = y~! and 2’ = 2%y’ into the differential equation, we have

zy +y=19’lnz

z 1 Inz
St T A
=22 (1.4.1)
—zz' +z2=Inzx
, 1 Inz
F = —g= ——e,
z z

Thus, the resulting equation is a linear first order differential equation. It can be solved using the integrating factor,

- £)-2

Multiplying the differential equation by the integrating factor, we have
z\’ Inz
(;) g2

Integrating, we obtain
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:—+/_2+C (1.4.2)
7 T

Multiplying by z, we have z=Inxz + 1 + Cz. Since z = y~!, the general solution to the problem is

1

vy= Inz+1+Cx

Lagrange and Clairaut Equations
Alexis Claude Clairaut (1713-1765) solved the differential equation

y=zy +9(y)
This is a special case of the family of Lagrange equations,

y=zf)+9)

named after Joseph Louis Lagrange (1736-1813). These equations also have solutions called singular solutions. Singular solution
are solutions for which there is a failure of uniqueness to the initial value problem at every point on the curve. A singular solution
is often one that is tangent to every solution in a family of solutions.
First, we consider solving the more general Lagrange equation. Let p = 3’ in the Lagrange equation, giving

y==zf(p) +9(p)

Next, we differentiate with respect to z to find

Yy =p=f(p)+zf )" +9

Lagrange equations

y=zf(y)+g9).

Here we used the Chain Rule. For example,

dg(p) _ dg dp
dx dp dx

Solving for p’, we have
dp _ p—fp)

dz — xzf'(p)+g'(p)

We have introduced p = p(z), viewed as a function of z. Let’s assume that we can invert this function to find z = z(p). Then, from
introductory calculus, we know that the derivatives of a function and its inverse are related,

a1
dp_@
dr

Applying this to Equation 1.4.4, we have
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dr_ zf'(p)+9'(p)
dp p—f(p)
SV ) B A1)
p—fe)  p—fp)

(1.4.3)

assuming that p — f(p) # 0.

As can be seen, we have transformed the Lagrange equation into a first order linear differential equation 1.4.5 for z(p). Using
methods from earlier in the chapter, we can in principle obtain a family of solutions

z = F(p,C)

where C is an arbitrary integration constant. Using Equation 1.4.3, one might be able to eliminate p in Equation 1.4.5 to obtain a
family of solutions of the Lagrange equation in the form

o(z,y,C) =0

If it is not possible to eliminate p from Equations 1.4.3 and 1.4.5, then one could report the family of solutions as a parametric
family of solutions with p the parameter. So, the parametric solutions would take the form

z=F(p,C)

(1.4.4)
y=F(p,C)f(p) + g(p)
Singular solutions are possible for Lagrange equations.

We had also assumed the p — f(p) # 0. However, there might also be solutions of Lagrange’s equation for which p — f(p) = 0. Such
solutions are called singular solutions.

Example 1.4.2

Solve the Lagrange equation y = 2zy’ — 32
Solution

We will start with Equation 1.4.5. Noting that f(p) = 2p, g(p) = —p?, we have

SV ) B ()
p—f(p) p—f(p)
’ 2 _2p

x (1.4.5)
p—2p p—2p
2
2+ —x=2.
p
This first order linear differential equation can be solved using an integrating factor. Namely,
2
1u(p) = exp (/ Edp) = e?2P = p?
Multiplying the differential equation by the integrating factor, we have
d 2 2
_ =9
" (zp*) = 2p

Integrating,

This gives the general solution
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)= 2p+5
20) = 3p+ 3

Replacing 3’ = p in the original differential equation, we have y = 2zp — p?. The family of solutions is then given by the
parametric equations

2 + C
T = 3p p2 I
2 C
y=2(=p+—=|p—p° (1.4.6)
3 p?
1, 2
= 3p > .
The plots of these solutions is shown in Figure 1.4.1.
Y
5 4

-5

Figure 1.4.1: Family of solutions of the La-grange equation y = 2zy’ — 3’2

We also need to check for a singular solution. We solve the equation p — f(p) =0, or p = 0. This gives the solution y(z)
=(2zp—p*)p=0=0.

The Clairaut differential equation is given by
y=zy' +9(y)
Letting p = y’, we have
y=azp+g(p)

This is the Lagrange equation with f(p) = p. Differentiating with respect to x,

Clairaut Equations
y=zy' +9().
p=p+ap’ +g (p)p
Rearranging, we find

z=—g(p)
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So, we have the parametric solution

z=—g'(p)

(1.4.7)
y=—pg (p) + 9(p)

For the case that ¢y’ = C, it can be seen that y = Cz + ¢(C) is a general solution solution.

Example 1.4.3

Find the solutions of y = zy’ — 3’2
Solution

As noted, there is a family of straight line solutions y = Cz — C?, since g(p) = —p?. There might also by a parametric solution
not contained n this family. It would be given by the set of equations

x=—g'(p)=2p

) s o (1.4.8)
y=—pg'(p) +g(p) =2p"—p*=p

2
y=17 Y

N 7Z
N - X
INSSS o224

SRS
$’ .0

y=Cx—C?

Figure 1.4.2: Plot of solutions to the Clairaut equation y = zy’ — y’2. The straight line solutions are a family of curves whose limit is the
parametric solution.

Eliminating p, we have the parabolic curve y = z%/4.

In Figure 1.4.2 we plot these solutions. The family of straight line solutions are shown in blue. The limiting curve traced out,
much like string figures one might create, is the parametric curve.

Riccat1 Equation
Jacopo Francesco Riccati ( 1676 — 1754 ) studied curves With some specified curvature. He proposed an equation of the form
y' +a(@)y’ +b(z)y +c(z) =0

around 1720. He communicated this to the Bernoulli’s. It was Daniel Bernoulli who had actually solved this equation. As noted
by Ranjan Roy (2011), Riccati had published his equation in 1722 with a note that D. Bernoulli giving the solution in terms of an
anagram. Furthermore, when a = 0, the Riccati equation reduces to a Bernoulli equation.

In Section 7.2, we will show that the Ricatti equation can be transformed into a second order linear differential equation. However,
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there are special cases in which we can get our hands on the solutions. For example, if a,b, and ¢ are constants, then the
differential equation can be integrated directly. We have

dy
E:—(ayQ—f—by—l—c)

This equation is separable and we obtain

dy
= [ — %
’ /ay2+by+c

When a differential equation is left in this form, it is said to be solved by quadrature when the resulting integral in principle can
be computed in terms of elementary functions. !

By elementary functions we mean

d
Z,C:,/Q_y
ay?* +by+c

well known functions like polynomials, trigonometric, hyperbolic, and some not so well know to undergraduates, such as
Jacobi or Weierstrass elliptic functions.

If a particular solution is known, then one can obtain a solution to the Riccati equation. Let the known solution be y;(z) and
assume that the general solution takes the form y(z) = y1(z) + z(z) for some unknown function z(z). Substituting this form into
the differential equation, we can show that v(z) = 1/z(z) satisfies a first order linear differential equation.

Inserting y = y; + 2z into the general Riccati equation, we have

_ dy 2
0= . +a(z)y” +b(z)y+c

d
=22 Ly 2azy; + bz+
dz

d
+ % +ay; + by + ¢ (1.4.9)

dz

L ) [z + 2]+ bo)
—a(e)2? = + [20(ays +b(z)] =

7
1 z

The last equation is a Bernoulli equation with n = 2. So, we can make it a linear equation with the substitution z = —, 2’ = -
v v

Then, we obtain a differential equation for v(z). It is given by

v’ — (2a(a)yi (2) + b(@)) v = a(x)

Example 1.4.4

Find the general solution of the Riccati equation, 3’ — y? + 2ey — e?* — e® = 0, using the particular solution y,(z) = e”.
Solution

We let the sought solution take the form y(z) = z(z) + e®. Then, the equation for z(z) is found as

dz 9

i
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This equation is simple enough to integrate directly to obtain z = T—a Then, the solution to the problem becomes
— X

y(z) = +e

This page titled 1.4: Other First Order Equations is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by
Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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1.5: Problems

1. Find all of the solutions of the first order differential equations. When an initial condition is given, find the particular solution
satisfying that condition.

d T
a % _ &
iilx 2y
b. d—? =y* (1+17),y5(0) = 1.
. W _V1- y2
Codx T ’
d oy =y(1-2y, y(1)=2
e. 3y’ — (sinx)y=sinz.
f. ozy —2y=22y(1) =1
d
9. d—i +2s=st2, ,s(0)=1.
h. 2’ — 2z = te?.
. d
i. ‘ZZ_Z +y=sinz,y(0) =0.
. 3
oL Zy=aty) =4

dx T
2. For the following determine if the differential equation is exact. If it is not exact, find the integrating factor. Integrate the

equations to obtain solutions.

a. (3z%+6zy®)dz + (6z’y +4y®)dy=0
b. (z+y?) dz —2zydy=0.

c. (sinzy+ zycoszy)dz + z2 cos zydy = 0.
d. (22 +y)dz —ady=0.

e. (2zy®—3y3)dz + (7 —3zy?) dy=0.

3. Consider the differential equation

dy = x

dm_y_l—l—y

e. Find the I-parameter family of solutions (general solution) of this equation.
f. Find the solution of this equation satisfying the initial condition y(0) = 1. Is this a member of the i-parameter family?

4. A ball is thrown upward with an initial velocity of 49 m/s from 539 m high. How high does the ball get and how long does in
take before it hits the ground? [Use results from the simple free fall problem, y"’ = —g.]
5. Consider the case of free fall with a damping force proportional to the velocity, fp = +kv with £ = 0.1 kg/s.

a. Using the correct sign, consider a 50 kg mass falling from rest at a height of room. Find the velocity as a function of time.
Does the mass reach terminal velocity?

b. Let the mass be thrown upward from the ground with an initial speed of 50 m/s. Find the velocity as a function of time
as it travels upward and then falls to the ground. How high does the mass get? What is its speed when it returns to the
ground?

6. An piece of a satellite falls to the ground from a height of 10,000 m. Ignoring air resistance, find the height as a function of
time. [Hint: For free fall from large distances.

GM

N Trwh

Multiplying both sides by &, show that
4 (i) -4 (G
dt \ 2 dt \R+h

Integrate and solve for h. Further integrating gives h(t).]

7. The problem of growth and decay is stated as follows: The rate of change of a quantity is proportional to the quantity. The
differential equation for such a problem is
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dy

= — 4k

a —
The solution of this growth and decay problem is y(t) = yoe**. Use this solution to answer the following questions if forty percent
of a radioactive substance disappears in 100 years.

a. What is the half-life of the substance?
b. After how many years will 90% be gone?

8. Uranium 237 has a half-life of 6.78 days. If there are 10.0 grams of U-237 now, then how much will be left after two weeks?
9. The cells of a particular bacteria culture divide every three and a half hours. If there are initially 250 cells, how many will
there be after ten hours?
10. The population of a city has doubled in 25 years. How many years will it take for the population to triple?
11. Identify the type of differential equation. Find the general solution and plot several particular solutions. Also, find the singular
solution if one exists.
a. y=xzvy + i,
Yy
b. y=2zy +Iny.
c. y +2zy=2xy>
d. ¢ +2zy =y
12. Find the general solution of the Riccati equation given the particular solution(A function F(z,y) is said to be homogeneous
of degree k if F(tz,ty) = t*F(z,y).)
a. zy —y? + 2z +Dy=2%+2x,y,(2) = 2.
b. ye ™ +y%—2ye® =1—e¥ y(x) =e".
13. The initial value problem

dy _ vty

I = Y1) =1

does not fall into the class of problems considered in this chapter. The function on the right-hand side is a homogeneous function
of degree zero. However, if one substitutes y(z) = zz(z) into the differential equation, one obtains an equation for z(z) which can
be solved. Use this substitution to solve the initial value problem for y(z).

14. If M(z,y) and N(z,y) are homogeneous functions of the same degree, then M /N can be written as a function of y/z. This
suggests that a substitution of y(z) = zz(x) into M(z, y)dx + N(z,y)dy might simplify the equation. For the following problems
use this method to find the family of solutions.

a. (22 —ay+y?)ds —zydy=0
b. zydz — (2% +y?)dy=0.
c. (2%+2zy—4y?)dx — (2% — 8zy —4y?) dy = 0.

15. Find the family of orthogonal curves to the given family of curves.

a. y=ax
b. y=az?
c. z2+19®=2ax.

16. The temperature inside your house is 70°F and it is 30°F outside. At 1 : oo A.M. the furnace breaks down. At 3:90 A.M. the
temperature in the house has dropped to 50°F. Assuming the outside temperature is constant and that Newton’s Law of
Cooling applies, determine when the temperature inside your house reaches 40°F.

17. A body is discovered during a murder investigation at 8:00 P.M. and the temperature of the body is 70°F. Two hours later
the body temperature has dropped to 60°F in a room that is at 50°F. Assuming that Newton’s Law of Cooling applies and the
body temperature of the person was 98.6°F at the time of death, determine when the murder occurred.

18. Newton’s Law of Cooling states that the rate of heat loss of an object is proportional to the temperature gradient, or

4Q _aAaT
dt

where @ is the thermal energy, h is the heat transfer coefficient, A is the surface area of the body, and AT =T — T,. If Q = CT,
where C'is the heat capacity, then we recover Equation 1.3.7 with k = hA/C.

However, there are modifications which include convection or radiation. Solve the following models and compare the solution
behaviors.
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a. NewtonT’' =—k(T —1T,)
b. Dulong-Petit T’ = —k (T — T,)%*
c. Newton-Stefan T’ = —k(T —T,) —eo (T* —T}) ~ —k(T —T,) — b(T — T,)".

19. Initially a 200 gallon tank is filled with pure water. At time ¢ = 0 a salt concentration with 3 pounds of salt per gallon is added
to the container at the rate of 4 gallons per minute, and the well-stirred mixture is drained from the container at the same
rate.

a. Find the number of pounds of salt in the container as a function of time.

b. How many minutes does it take for the concentration to reach 2 pounds per gallon?

c. What does the concentration in the container approach for large values of time? Does this agree with your intuition?

d. Assuming that the tank holds much more than 200 gallons, and everything is the same except that the mixture is drained
at 3 gallons per minute, what would the answers to parts a and b become?

20. You make two gallons of chili for a party. The recipe calls for two teaspoons of hot sauce per gallon, but you had accidentally
put in two tablespoons per gallon. You decide to feed your guests the chili anyway. Assume that the guests take i cup/min of
chili and you replace what was taken with beans and tomatoes without any hot sauce. [ 1gal = 16 cups and 1 Tb = 3 tsp.]

a. Write down the differential equation and initial condition for the amount of hot sauce as a function of time in this
mixture-type problem.

b. Solve this initial value problem.

c. How long will it take to get the chili back to the recipe’s suggested concentration?

This page titled 1.5: Problems is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman via
source content that was edited to the style and standards of the LibreTexts platform.
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2: SECOND ORDER ODES

"Either mathematics is too big for the human mind or the human mind is more than a machine." - Kurt Gédel (1906-1978)

2.1: Introduction

2.2: Constant Coefficient Equations
2.3: Simple Harmonic Oscillators
2.4: Forced Systems

2.5: Cauchy-Euler Equations

2.6: Problems

This page titled 2: Second Order ODEs is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.
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2.1: Introduction

IN THE LAST SECTION WE SAW how second order differential equations naturally appear in the derivations for simple oscillating
systems. In this section we will look at more general second order linear differential equations.

Second order differential equations are typically harder than first order. In most cases students are only exposed to second order
linear differential equations. A general form for a second order linear differential equation is given by

a(z)y” (z) + b(x)y (z) + c(z)y(z) = f(=)
One can rewrite this equation using operator terminology. Namely, one first defines the differential operator L = a(z)D? + b(z)D
d .
+ ¢(z), where D = e Then, Equation 2.1.1 becomes
X
Ly=f

The solutions of linear differential equations are found by making use of the linearity of L. Namely, we consider the vector space
! consisting of realvalued functions over some domain. Let f and g be vectors in this function space. L is a linear operator if for
two vectors f and g and scalar a, we have that

1

We assume that the reader has been introduced to concepts in linear algebra. Later in the text we will recall the
definition of a vector space and see that linear algebra is in the background of the study of many concepts in the
solution of differential equations.

a.L(f+g)=Lf+Lg
b. L(af) = aLf.
One typically solves Equation 2.1.1 by finding the general solution of the homogeneous problem,
Ly, =0
and a particular solution of the nonhomogeneous problem,
Ly, = f.
Then, the general solution of Equation 2.1.1 is simply given as y = y; + y,. This is true because of the linearity of L. Namely,

Ly =L (yn +yp)
= Lyn + Ly, (2.1.1)
=0+ f=F

There are methods for finding a particular solution of a nonhomogeneous differential equation. These methods range from pure
guessing, the Method of Undetermined Coefficients, the Method of Variation of Parameters, or Green’s functions. We will review
these methods later in the chapter.

Determining solutions to the homogeneous problem, Ly, = 0, is not always easy. However, many now famous mathematicians and
physicists have studied a variety of second order linear equations and they have saved us the trouble of finding solutions to the
differential equations that often appear in applications. We will encounter many of these in the following chapters. We will first
begin with some simple homogeneous linear differential equations.

Linearity is also useful in producing the general solution of a homogeneous linear differential equation. If y;(z) and ys(z)
are solutions of the homogeneous equation, then the linear combination y(z) = c1y1(z) + coy2(z) is also a solution of the
homogeneous equation. This is easily proven.

Let Ly; = 0 and Ly;2 = 0. We consider y = c1y;1 + coy2. Then, since L is a linear operator,
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Ly = L (c1y1 + c2y2)
= ClLyl + CgLyQ (212)
=0

Therefore, y is a solution.

In fact, if y1(z) and y»(z) are linearly independent, then y = c1y1 + cays is the general solution of the homogeneous problem. A set
of functions {y;(z)}._, is a linearly independent set if and only if

c1y1(z) + ... + cpyn(z) =0

implies ¢; = 0, for ¢ = 1, ..., n. Otherwise, they are said to be linearly dependent. Note that for n = 2, the general form is cyy;(z)
+ coya(z) = 0. If y; and y, are linearly dependent, then the coefficients are not zero and y,(z) = —C—lyl(z) and is a multiple of
C2

y1(z). We see this in the next example.

Example 2.1.1

Show that y;(z) = z and y;(z) = 4z are linearly dependent.
We set c1y1(z) + coy2(z) = 0 and show that there are nonzero constants, ¢; and ¢, satisfying this equation. Namely, let
a1z +co(4z) =0

Then, for ¢; = —4c,, this is true for any nonzero c,. Let ¢, = 1 and we have ¢; = —4. Next we consider two functions that are
not constant multiples of each other.

Example 2.1.2

Show that y;(z) = z and y»(z) = 22 are linearly independent.

We set cyy1(z) + cay2(x) = 0 and show that it can only be true if ¢; = 0 and ¢, = 0. Let
cx + czmz =0

for all z. Differentiating, we have two sets of equations that must be true for all = :

car+cx? = 0

(2.1.3)
c1+2c0x = 0

Setting z = 0, we get ¢; = 0. Setting z = 1, then ¢; + ¢o = 0. Thus, ¢; = 0.

Another approach would be to solve for the constants. Multiplying the second equation by x and subtracting yields ¢, = 0.
Substituting this result into the second equation, we find ¢; = 0.

For second order differential equations we seek two linearly independent functions, y;(z) and y2(x). As in the last example, we set
c1y1(x) + coya2(z) = 0 and show that it can only be true if ¢; = 0 and ¢, = 0. Differentiating, we have

c1y1(x) + caya(x) =0

) ) (2.1.4)
c1y1(z) + c2yz(z) =0
These must hold for all z in the domain of the solutions.
Now we solve for the constants. Multiplying the first equation by y{(z) and the second equation by y.(z), we have
c1y1(x)yq(z) + caya(z)ys(z) =0
11(2)y2(2) + coy2(x)ys(2) (2.15)

1y (@)y2() + cayy(z)y2(z) =0
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Subtracting gives
[y1(2)ys(2) — i (x)ya(z)] c1 = 0

Therefore, either ¢; =0 or yi(z)y5(z) — y1(z)y2(x) = 0. So, if the latter is true, then ¢; = 0 and therefore, c; = 0. This gives a
condition for which y; (z) and y»(x) are linearly independent:

y1(z)ys(z) — y1(z)y2(z) =0
We define this quantity as the Wronskian of y;(z) and y2(x).

Linear independence of the solutions of a differential equation can be established by looking at the Wronskian of the solutions.
For a second order differential equation the Wronskian is defined as

W (y1,92) = y1(2)ys(2) — y1(2)y2(2).
The Wronskian can be written as a determinant:

yi(z)  ya(2)

W 1,Y2) =
W)= @) we

’ = y1(2)ys(x) — y1(z)ya(2)

Thus, the definition of a Wronskian can be generalized to a set of n functions {y;(z)}!_, using an n x n determinant.

Example 2.1.3

Determine if the set of functions {1, z,z?} are linearly independent.
We compute the Wronskian.

yi(z)  ya(z)  ys(z)

Wy, y2,y3) = | vi(z) i) wys(@)

yi'(z) y5(2) wy(x)

1 z z2 (2.1.6)
=10 1 2z

0 0 2

=2

Since, W (1, z,z2) = 2 # 0, then the set {1,z,z?} is linearly independent.

This page titled 2.1: Introduction is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman via
source content that was edited to the style and standards of the LibreTexts platform.
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2.2: Constant Coefficient Equations
\THE SIMPLEST SECOND ORDER DIFFERENTIAL EQUATIONS are those with constant coefficients. The general form for a
homogeneous constant coefficient second order linear differential equation is given as
ay” (x) + by’ (z) + cy(z) =0 (2.2.1)
where a, b, and ¢ are constants.

Solutions to Equation 2.2.1 are obtained by making a guess of y(z) = e". Inserting this guess into Equation 2.2.1 leads to the
characteristic equation

ar’ +br+c¢=0

The characteristic equation for ay’’ + by’ + cy = 0 is ar? + br + ¢ = 0. Solutions of this quadratic equation lead to solutions of the
differential equation.

Two real, distinct roots, r; and r,, give solutions of the form
y(z) = c1€™" + cqe™”.
Namely, we compute the derivatives of y(z) = €™, to get y(z) = re’®, and y(z) = r2e’. Inserting into Equation\ (2.2.1\), we have
0=ay”(z) + by (z) + cy(z) = (ar® + br+c)e™
Since the exponential is never zero, we find that ar? + br + ¢ = 0.

The roots of this equation, r1, s, in turn lead to three types of solutions depending upon the nature of the roots. In general, we
have two linearly independent solutions, y;(z) = €"* and ys(x) = €%, and the general solution is given by a linear combination of
these solutions,

y(z) = c1€™" + coe””

For two real distinct roots, we are done. However, when the roots are real, but equal, or complex conjugate roots, we need to do a
little more work to obtain usable solutions.

Example 2.2.1

y"” —y’ — 6y =0y(0) = 2,y(0) = 0.
Solution

The characteristic equation for this problem is 72 — r — 6 = 0. The roots of this equation are found as r = —2, 3. Therefore, the
general solution can be quickly written down:

y(x) = cre™ 4 cpe®®

Note that there are two arbitrary constants in the general solution. Therefore, one needs two pieces of information to find a
particular solution. Of course, we have the needed information in the form of the initial conditions.

One also needs to evaluate the first derivative
v (z) = —2c1e7% + 3cpe®®

in order to attempt to satisfy the initial conditions. Evaluating y and 3’ at = = 0 yields
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2=ci+cy

(2.2.2)
0= —2c1 + 3ca

These two equations in two unknowns can readily be solved to give ¢; = 6/5 and ¢, = 4/5. Therefore, the solution of the initial

. . 6 4
value problem is obtained as y(z) = ge*% + ge3“”.

Repeated roots, r; = ro = r, give solutions of the form
y(z) = (c1 + caz) ™.

In the case when there is a repeated real root, one has only one solution, y;(x) = e"*. The question is how does one obtain the
second linearly in- dependent solution? Since the solutions should be independent, we must have that the ratio ys(z)/yi(z) is
not a constant. So, we guess the form ys(z) = v(z)y1(z) = v(z)e™. (This process is called the Method of Reduction of Order. See
Section 2.2.1)

For more on the Method of Reduction of Order, see Section 2.2.1.
For constant coefficient second order equations, we can write the equation as
(D—r)’y=0
where D = % We now insert y2(z) = v(z)e™ into this equation. First we compute
(D —r)ve™ =v'e™
Then,
0= (D—r)?ve™ = (D—r)ve” =v"e?
So, if y2(z) is to be a solution to the differential equation, then v’ (z)e”™ = 0 for all z. So, v”’(z) = 0, which implies that
v(z) =ar+b
y2(x) = (az + b)e™

Without loss of generality, we can take b = 0 and a = 1 to obtain the second linearly independent solution, y(z) = ze™. The general
solution is then

y(z) = c1€™ + coze™

Example 2.2.2

y’ +6y +9y=0
Solution

In this example we have 72 + 6r + 9 = 0. There is only one root, r = —3. From the above discussion, we easily find the solution
y(z) = (c1 + com) e

When one has complex roots in the solution of constant coefficient equations, one needs to look at the solutions
n 2(1:) — e(aiiﬁ)z
We make use of Euler's formula !, which is treated in Section 8.1.

1

Euler's Formula is found using Maclaurin series expansion
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1 1
T _ 2 3
e —1+x+2x +3!x +

Let z = 40 and find
6 . 1. 2 1. 3
e’ =140+ 5(20) —I—?(zé’) + e
_ 1 2 1 4
=1 29 + 4!9 +
‘ 1, 1
i 6‘—56 +56’ +]
=cosf +isinf
e = cos Bz + isin Bz
Then, the linear combination of y;(x) and y2(z) becomes

Ae(a+iﬂ)x + Be(afi,b’)z — [Aezﬂz + Befiﬁx]
= e**[(A + B) cos Bz + i(A — B) sin Bz (2.2.3)

= e (¢1 cos Bz + co sin Bz)
Thus, we see that we have a linear combination of two real, linearly independent solutions, ¢®® cos Bz and e®* sin Bz.
Complex roots, r = a + i3, give solutions of the form

y(z) = e (¢ cos Bz + cosin fx) .

Example 2.2.3

y"" + 4y = 0. The characteristic equation in this case is 72 + 4 = 0. The roots
are pure imaginary roots, r = +2i, and the general solution consists

purely of sinusoidal functions, y(z) = c¢; cos(2z) + cq sin(2z), since

a=0and 8= 2.

Example 2.2.4

’/ ’
y’' +2y +4y=0.
The characteristic equation in this case is 72 + 2r 4+ 4 = 0. The roots The characteristic equation in this case is r2 + 2r + 4
= 0. The roots
re complex, r = —1 + V/3i and the general solution can be written as

y(z) = [cl cos(V3z) + ¢, sin(\/ga:)] e’

Example 2.2.5

y" + 4y = sin .

This is an example of a nonhomogeneous problem. The homogeneous problem was actually solved in Example 2.2.3.
According to the theory, we need only seek a particular solution to the nonhomogeneous problem and add it to the solution
of the last example to get the general solution.
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The particular solution can be obtained by purely guessing, making an educated guess, or using the Method of Variation of
Parameters. We will not review all of these techniques at this time. Due to the simple form of the driving term, we will make an
intelligent guess of y,(z) = Asinz and determine what A needs to be. Inserting this guess into the differential equation gives
(—A +4A)sinz = sinz. So, we see that A = 1/3 works. The general solution of the nonhomogeneous problem is therefore

1
y(x) = ¢ cos(2x) + cysin(2zx) + gsin .

The three cases for constant coefficient linear second order differential equations are summarized below.

Classification of Roots of the Characteristic Equation for Second Order Constant
Coefficient ODEs

1. Real, distinct roots 7, 7,. In this case the solutions corresponding to each root are linearly independent. Therefore, the
general solution is simply y(z) = c1e™* + ce™".

2. Real, equal roots r; = r; = r. In this case the solutions corresponding to each root are linearly dependent. To find a second
linearly independent solution, one uses the Method of Reduction of Order. This gives the second solution as ze". Therefore,
the general solution is found as y(z) = (¢; + c2x) €'

3. Complex conjugate roots r;,r; = a + i3. In this case the solutions corresponding to each root are linearly independent.
Making use of Euler's identity, e = cos(6) + isin(6), these complex exponentials can be rewritten in terms of trigonometric
functions. Namely, one has that e** cos(8z) and e“*sin(8z) are two linearly independent solutions. Therefore, the general
solution becomes Missing or unrecognized delimiter for \right . cosin(fx)).

As we will see, one of the most important applications of such equations is in the study of oscillations. Typical systems are a
mass on a spring, or a simple pendulum. For a mass m on a spring with spring constant k£ > 0, one has from Hooke’s law that the
position as a function of time, z(t), satisfies the equation

mi+kxr=0

This constant coefficient equation has pure imaginary roots (o = 0) and the solutions are simple sine and cosine functions,
leading to simple harmonic motion.

2.2.1: Reduction of Order

WE HAVE SEEN THE THE METHOD OF REDUCTION OF ORDER Was useful in obtaining a second solution of a second order
differential equation with constant coefficients when one solution was known. It can also be used to solve other second order
differential equations. First, we review the method by example.

Example 2.2.6

Verify that y;(x) = ze?" is a solution of y’/ — 4y’ 4 4y = 0 and use the Method of Reduction of Order to find a second linearly
independent solution.

We note that

(@) = (1 + 20)e*
y) (x) = [2+2(1 + 22)]e® = (4 + 4x)e™

Substituting the y;(z) and its derivatives into the differential equation, we have

vl — 4y + 4y1 = (4 + 42)e® — 4(1 + 22)e™ + 4ge™
=0

(2.2.4)

In order to find a second linearly independent solution, y»(z), we need a solution that is not a constant multiple of y;(x). So,
we guess the form y2(z) = v(z)y;(z). For this example, the function and its derivatives are given by
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Y2 = VY1
s = (vy1)’
=v'y1 + vy,

vy = W'y +oyp)
="y + 20'y; + vy
Substituting y» and its derivatives into the differential equation, we have
0=y —4y; +4dy>

= (v""y1 +20"y] +vyy) — 4 (Vg1 +vyy) + oy

="y + 20"y — 'y + oy — 47 + 4y (2.2.5)
=v"y; + 20'y; — 'y -
= v 2e™ + 20/ (1 + 22)e™ — 4/ ze™

=[x+ 20 e®
Therefore, v(z) satisfies the equation
vz +20" =0

This is a first order equation for v’(x), which can be seen by introducing z(z) = v’(z), leading to the separable first order
equation

dz
= =2
l’dm z
. . . A -
This is readily solved to find z(z) = —;. This gives
xz
oo A
T dr 2
Further integration leads to
A
=——+C
v(x) - +

This gives
A
ya(z) = (—— + C) ze®
T
= —Ae® 4 Cze®

Note that the second term is the original y;(z), so we do not need this term and can set C = 0. Since the second linearly
independent solution can be determined up to a multiplicative constant, we can set A = —1 to obtain the answer y,(z) = 2.
Note that this argument for obtaining the simple form is reason enough to ignore the integration constants when employing

the Method of Reduction of Order.

For an example without constant coefficients, consider the following example.

Verify that y; (x) = « is a solution of z2y”" — 4xy’ + 4y = © and use the Method of Reduction of Order to find a second linearly
independent solution.

Substituting the y;(z) = z and its derivatives into the differential equation, we have

@IOIC]E) 43 (2.2.5)



LibreTextS“'

o2y —day) + 4y = 0 — 4z + 4o
=0

(2.2.6)

In order to find a second linearly independent solution, y2(z), we need a solution that is not a constant multiple of y;(x). So,
we guess the form y2(z) = v(z)y; (). For this example, the function and its derivatives are given by

Y2 = TV

ys = (zv)’
=v+zV

vy = (v+azv')
=20 + xv”

Substituting y» = zv(z) and its derivatives into the differential equation, we have

0 =2’y — days + 4y»

=22 (20" + 2v”) — 4z (v + 20) + 4av (2.2.7)

=3 — 222

Note how the v-terms cancel, leaving
v =2

This equation is solved by introducing z(x) = v’(z). Then, the equation becomes

x% = 2%
Using separation of variables, we have
= % = Az?
Integrating, we obtain
1 3
v= §Ax + B

This leads to the second solution in the form
1 3 1 4
yo(z) = (gAz + B) = §Aa: + Bz.
Since the general solution is
1 4
y(z) = 1T + co (EAZU + Bz)

we see that we can choose B = 0 and A = 3 to obtian the general solution as

y(z) = c1z + coz?

Therefore, we typically do not need the arbitrary constants found in using reduction of order and simply report that ys(z) = z*

This page titled 2.2: Constant Coefficient Equations is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by
Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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2.3: Simple Harmonic Oscillators

THE NEXT PHYSICAL PROBLEM OF INTEREST is that of simple harmonic motion. Such motion comes up in many places in
physics and provides a generic first approximation to models of oscillatory motion. This is the beginning of a major thread running
throughout this course. You have seen simple harmonic motion in your introductory physics class. We will review SHM (or SHO in
some texts) by looking at springs, pendula (the plural of m pendulum), and simple circuits.

2.3.1: Mass-Spring Systems

i

: X :

;A1 A1 1ANANARARNNNNNNNY

Figure 2.3.1: Spring-Mass system

WE BEGIN WITH THE CASE of a single block on a spring as shown in Figure 2.3.1. The net force in this case is the restoring force
of the spring given by Hooke’s Law,

Fy, = —kx

where k > 0 is the spring constant. Here z is the elongation, or displacement of the spring from equilibrium. When the
displacement is positive, the spring force is negative and when the displacement is negative the spring force is positive. We
have depicted a horizontal system sitting on a frictionless surface. A similar model can be provided for vertically oriented
springs. However, you need to account for gravity to determine the location of equilibrium. Otherwise, the oscillatory motion about
equilibrium is modeled the same.

From Newton's Second Law, F = mi, we obtain the equation for the motion of the mass on the spring:

mi +kx =0 (2.3.1)
Dividing by the mass, this equation can be written in the form

i+ wlz=0

where

This is the generic differential equation for simple harmonic motion.

We will later derive solutions of such equations in a methodical way. For now we note that two solutions of this equation are given

@IOIC]E) 45 (2.3.1)



LibreTexts"

by

z(t) = Acoswt
(2.3.2)
z(t) = Asinwt
where w is the angular frequency, measured in rad/s, and A is called the amplitude of the oscillation.
The angular frequency is related to the frequency by

w=2rf

where f is measured in cycles per second, or Hertz. Furthermore, this is related to the period of oscillation, the time it takes the
mass to go through one cycle:

T=1/f

2.3.2: The Simple Pendulum

THE SIMPLE PENDULUM consists of a point mass m hanging on a string of length L from some support. [See Figure 2.3.2.] One
pulls the mass back to some starting angle, 6y, and releases it. The goal is to find the angular position as a function of time.

i

..--i,--\-\--———
\ 1
<~_"7

Figure 2.3.2: A simple pendulum consists of a point mass m attached to a string of length L. It is released from an angle 6.

There are a couple of possible derivations. We could either use Newton’s Second Law of Motion, F' = ma, or its rotational analogue
in terms of torque, 7 = I'a. We will use the former only to limit the amount of physics background needed.

There are two forces acting on the point mass. The first is gravity. This points downward and has a magnitude of mg, where g is
the standard symbol for the acceleration due to gravity. The other force is the tension in the string. In Figure 2.3.3 these forces
and their sum are shown. The magnitude of the sum is easily found as F' = mgsin 6 using the addition of these two vectors.

Now, Newton’s Second Law of Motion tells us that the net force is the mass times the acceleration. So, we can write

m& = —mgsin 6
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Figure 2.3.3: There are two forces acting on the mass, the weight mg and the tension T. The net force is found to be F' = mgsin 6.

Next, we need to relate z and 6.z is the distance traveled, which is the length of the arc traced out by the point mass. The arclength
is related to the angle, provided the angle is measure in radians. Namely, = = rf for r = L. Thus, we can write

mL# = —mgsin 6.
Linear and nonlinear pendulum equation. Canceling the masses, this then gives us the nonlinear pendulum equation
L+ gsinf =0

The equation for a compound pendulum takes a similar form. We start with the rotational form of Newton’s second law 7 = Ia.
Noting that the torque due to gravity acts at the center of mass position ¥, the torque is given

6+ w?0=0

by 1 = —mglsin 6. Since a = §, we have I§ = —mglsin . Then, for small angles 6 + w?6 = 0, where w = % For a simple pendulum,
we let £ = L and I = mL?, and obtain w = 1/g/L.

We note that this equation is of the same form as the mass-spring system. We define w = /g/L and obtain the equation for
simple harmonic motion,

6+ w?0=0

There are several variations of Equation 2.3.4 which will be used in this text. The first one is the linear pendulum. This is obtained
by making a small angle approximation. For small angles we know that sin 6 ~ 6. Under this approximation Equation 2.3.4 becomes

Lo+ g9=0.

2.3.3: LRC Circuits

ANOTHER TYPICAL PROBLEM OFTEN ENCOUNTERED in a first year physics class is that of an LRC series circuit. This circuit
is pictured in Figure 2.3.4. The resistor is a circuit element satisfying Ohm’s Law. The capacitor is a device that stores electrical
energy and an inductor, or coil, store magnetic energy.
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V(t)

Figure 2.3.4: Series LRC Circuit.

The physics for this problem stems from Kirchoff's Rules for circuits. Namely, the sum of the drops in electric potential are set
equal to the rises in electric potential. The potential drops across each circuit element are given by

1. Resistor: V = IR.
2. Capacitor: V = %
dl

3. Inductor:V=L—.
dt

Furthermore, we need to define the current as I = d—j where ¢ is the charge in the circuit. Adding these potential drops, we set

them equal to the voltage supplied by the voltage source, V(t). Thus, we obtain

dI
9 1Y _ v

IR+ 1 —
B+ & +Lg

Since both ¢ and I are unknown, we can replace the current by its expression in terms of the charge to obtain

Li+ Rq+ éq =V(t)
This is a second order equation for ¢(¢). More complicated circuits are possible by looking at parallel connections, or other
combinations, of resistors, capacitors and inductors. This will result in several equations for each loop in the circuit, leading to
larger systems of differential equations. An example of another circuit setup is shown in Figure 2.3.5. This is not a problem that
can be covered in the first year physics course. One can set up a system of second order equations and proceed to solve them.
We will see how to solve such problems in the next chapter.

In the following we will look at special cases that arise for the series LRC circuit equation. These include RC circuits, solvable by
first order methods and LC circuits, leading to oscillatory behavior.
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Figure 2.3.5: Parallel LRC Circuit.

2.3.4: RC Circuits

WE FIRST CONSIDER THE CASE OF an RC circuit in which there is no inductor. Also, we will consider what happens when one
charges a capacitor with a DC battery (V(t) = V;) and when one discharges a charged capacitor (V(t) = 0) as shown in Figures
2.3.6 and 2.3.9.

Charging a capacitor.

For charging a capacitor, we have the initial value problem

dg  q _
RE+6_VO’ q(0)=0

This equation is an example of a linear first order equation for ¢(t). However, we can also rewrite it and solve it as a separable
equation, since Vj is a constant. We will do the former only as another example of finding the integrating factor.

We first write the equation in standard form:

@IOIC]E) 49 (2.3.5)



LibreTexts"

Figure 2.3.6: RC Circuit for charging.

The integrating factor is then

@
lu,(t) = ef RC = et/RC

Thus,

% (qet/RC) _ %et/RC

Integrating, we have
t/RC Vo t/RC t/RC
qe = — e dt = CVye + K

Note that we introduced the integration constant, K. Now divide out the exponential to get the general solution:
q=CVy+ Ke ¥/EC
(If we had forgotten the K, we would not have gotten a correct solution for the differential equation.)
Next, we use the initial condition to get the particular solution. Namely, setting ¢ = 0, we have that
0=¢q(0)=CVh+ K
So, K = —CV,. Inserting this into the solution, we have
q(t) =CV, (1 — eft/RC)

Now we can study the behavior of this solution. For large times the second term goes to zero. Thus, the capacitor charges up,
asymptotically, to the final value of qo = CV,. This is what we expect, because the current is no longer flowing over R and this just
gives the relation between the potential difference across the capacitor plates when a charge of ¢ is established on the plates.
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Figure 2.3.7: The charge as a function of time for a charging capacitor with R = 2.00k$2, C' = 6.00mF, and V, = 12 V.

Let’s put in some values for the parameters. We let R = 2.00kw, C = 6.00mF, and V, = 12 V. A plot of the solution is given in Figure
2.3.7. We see that

the charge builds up to the value of CV, = 0.072C. If we use a smaller

resistance, R = 2002, we see in Figure 2.3.8 that the capacitor charges to the

same value, but much faster.

Time constant, 7 = RC.

The rate at which a capacitor charges, or discharges, is governed by the time constant, - = RC. This is the constant factor in the
exponential. The larger it is, the slower the exponential term decays. If we set t = 7, we find that

q(r) =CVy (1 —e ') = (1—0.3678794412 ...)gp ~ 0.63¢o

Thus, at time ¢ = 7, the capacitor has almost charged to two thirds of its final value. For the first set of parameters, 7 = 12 s. For
the second set, 7 =1.2 s.
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Figure 2.3.8: The charge as a function of time for a charging capacitor
with
\(R=
200 \Omega\),
C = 6.00mF
,and

Discharging a capacitor.

Now, let's assume the capacitor is charged with charge +q on its plates. If we disconnect the battery and reconnect the wires
to complete the circuit as shown in Figure 2.3.9, the charge will then move off the plates, discharging the capacitor. The relevant
form of the initial value problem becomes

dg ¢
R—+—==0 0) = qo-
T =0 d0)=aw
This equation is simpler to solve. Rearranging, we have
de _ _ a4
dt RC
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Figure 2.3.9: RC Circuit for discharging.

This is a simple exponential decay problem, which one can solve using separation of variables. However, by now you should know
how to immediately write down the solution to such problems of the form y’ = ky. The solution is

q(t) = e /", T=RC

0.05;
0.04:
q(0)
0.03-1

0.024 '.

0.014

t(s)

Figure 2.3.10: The charge as a function of time for a discharging capacitor with R = 2.00k2 (solid) or R = 20012 (dashed), and C = 6.00mF, and
g0 = 0.072C.

We see that the charge decays exponentially. In principle, the capacitor never fully discharges. That is why you are often
instructed to place a shunt across a discharged capacitor to fully discharge it. In  Figure
2.3.10weshowthedischargingo fthetwoprevious RCcircuits.Onceagain, \ (7 = RC determines the behavior. At t = 7 we have

() = qoe” ' = (0.3678794412 ...)go =~ 0.37qo

So, at this time the capacitor only has about a third of its original value.
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2.3.5: LC Circuits

LC Oscillators.

ANOTHER SIMPLE RESULT comes from studying LC circuits. We will now connect a charged capacitor to an inductor as shown
in Figure 2.3.11. In this case, we consider the initial value problem

.1 .
Li+59=0, 4(0)=0,4(0) = 1(0) =0
Dividing out the inductance, we have

1
—q=0

i+ 7c

P

a
C

Figure 2.3.11: An LC circuit.

This equation is a second order, constant coefficient equation. It is of the same form as the ones for simple harmonic motion of
a mass on a spring or the linear pendulum. So, we expect oscillatory behavior. The characteristic equation is

1
2 _—
r“ 4 c 0
The solutions are
T2 =T —F—
vVILC

Thus, the solution of Equation 2.3.15 is of the form
q(t) = ¢ cos(wt) + cpsin(wt), w = (LC)~?
Inserting the initial conditions yields
q(t) = qo cos(wt)

The oscillations that result are understandable. As the charge leaves the plates, the changing current induces a changing
magnetic field in the inductor. The stored electrical energy in the capacitor changes to stored magnetic energy in the inductor.
However, the process continues until the plates are charged with opposite polarity and then the process begins in reverse. The
charged capacitor then discharges and the capacitor eventually returns to its original state and the whole system repeats this
over and over.
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The frequency of this simple harmonic motion is easily found. It is given by

This is called the tuning frequency because of its role in tuning circuits.

Example 2.3.1

Find the resonant frequency for C = 10uF and L = 100mH.
1 1
27 J(10x 10°) (100 x 10-%)

f =160 Hz

Of course, this is an ideal situation. There is always resistance in the circuit, even if only a small amount from the wires. So, we
really need to account for resistance, or even add a resistor. This leads to a slightly more complicated system in which damping
will be present.

2.3.6: Damped Oscillations

As WE HAVE INDICATED, simple harmonic motion is an ideal situation. In real systems we often have to contend with some
energy loss in the system. This leads to the damping of the oscillations. A standard example is a spring-mass-damper system
as shown in Figure 2.12 A mass is attached to a spring and a damper is added which can absorb some of the energy of the
oscillations. the damping is modeled with a term proportional to the velocity.

e, . . . . .. . . N

Figure 2.3.12: A spring-mass-damper system has a damper added which can abin the spring, in the way a pendulum is attached to its support,
or in the sorb some of the energy of the oscillaresistance to the flow of current in an LC circuit. The simplest models of tions and is modeled
with a term proportional to the velocity.

There are other models for oscillations in which energy loss could be in the spring, in the way a pendulum is attached to its
support, or in the resistance to the flow of current in an LC circuit. The simplest models of resistance are the addition of a term
proportional to first derivative of the dependent variable. Thus, our three main examples with damping added look like:

mi + bz + kx = 0.

LO+ b0+ go = 0.

1
Li+Ri+ —q=0.
d+ Rq+ Cq 0
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These are all examples of the general constant coefficient equation
ay” () + by’ (x) + cy(z) =0

We have seen that solutions are obtained by looking at the characteristic equation ar? + br 4+ ¢ = 0. This leads to three different
behaviors depending on the discriminant in the quadratic formula:

_ —b+ Vb2 —4ac
- 2a

We will consider the example of the damped spring. Then we have

—b 4+ Vb%Z —4mk
r= -
2m

Damped oscillator cases: Overdamped, critically damped, and underdamped.

Overdamped,

b? > dmk
In this case we obtain two real root. Since this is Case I for constant coefficient equations, we have that
z(t) = cre™ 4 coe™
We note that \(b*{2}-4 m k

Critically Damped,
b = 4mk

In this case we obtain one real root. This is Case II for constant coefficient equations and the solution is given by
z(t) = (c1 + cot) ™

where r = —b/2m. Once again, the solution decays exponentially. The damping is just strong enough to hinder any oscillation. If
it were any weaker the discriminant would be negative and we would need the third case.

Underdamped,
b2 < dmk
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Figure 2.3.13: A plot of underdamped oscillation given by z(t) = 2¢%15 cos 3t. The dashed lines are given by z(t) = +2¢%!%, indicating the
bounds on the amplitude of the motion.

In this case we have complex conjugate roots. We can write a = —b/2m and 8 = v/4mk — b2/2m. Then the solution is
z(t) = e (cy cos Bt + o sin Bt)

These solutions exhibit oscillations due to the trigonometric functions, but we see that the amplitude may decay in time due the
overall factor of e when a < 0. Consider the case that the initial conditions give ¢; = A and ¢, = 0. (When is this?) Then, the
solution, z(t) = Ae® cos At, looks like the plot in Figure 2.3.13.

This page titled 2.3: Simple Harmonic Oscillators is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by
Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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2.4: Forced Systems

ALL OF THE SYSTEMS PRESENTED at the beginning of the last section exhibit the same general behavior when a damping term
is present. An additional term can be added that might cause even more complicated behavior. In the case of LRC circuits, we
have seen that the voltage source makes the system nonhomogeneous. It provides what is called a source term. Such terms can
also arise in the mass-spring and pendulum systems. One can drive such systems by periodically pushing the mass, or having the
entire system moved, or impacted by an outside force. Such systems are called forced, or driven.

Typical systems in physics can be modeled by nonhomogeneous second order equations. Thus, we want to find solutions of
equations of the form

Ly(z) = a(z)y” (z) + b(2)y' (z) + c(2)y(z) = f(=) (24.1)
As noted in Section 2.1, one solves this equation by finding the general solution of the homogeneous problem,
Ly, =0
and a particular solution of the nonhomogeneous problem,
Ly, = f.
Then, the general solution of Equation 2.1.1 is simply given as y = y; + yp.

So far, we only know how to solve constant coefficient, homogeneous equations. So, by adding a nonhomogeneous term to such
equations we will need to find the particular solution to the nonhomogeneous equation.

We could guess a solution, but that is not usually possible without a little bit of experience. So, we need some other methods.
There are two main methods. In the first case, the Method of Undetermined Coefficients, one makes an intelligent guess based
on the form of f(z). In the second method, one can systematically developed the particular solution. We will come back to the
Method of Variation of Parameters and we will also introduce the powerful machinery of Green’s functions later in this section.

Method of Undetermined Coefficients

LET'S SOLVE A SIMPLE DIFFERENTIAL EQUATION highlighting how we can handle nonhomogeneous equations.

Example 2.4.1

Consider the equation
Y +2y —3y=4
The first step is to determine the solution of the homogeneous equation. Thus, we solve
Yn + 2y, —3yn =0
The characteristic equation is 2 + 2r — 3 = 0. The roots are r = 1, —3. So, we can immediately write the solution
yn(z) = c1e® + cpe™™

The second step is to find a particular solution of Equation 2.4.2. What possible function can we insert into this equation such
that only a 4 remains? If we try something proportional to z, then we are left with a linear function after inserting = and its
derivatives. Perhaps a constant function you might think. y = 4 does not work. But, we could try an arbitrary constant, y = A.

Let's see. Inserting y = A into Equation 2.4.2, we obtain

—3A=14
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4 . . . 4 . .
Ah ha! We see that we can choose A = -3 and this works. So, we have a particular solution, y,(z) = —-3 This step is done.

Combining the two solutions, we have the general solution to the original nonhomogeneous equation Equation 2.4.2. Namely,

L 4
U(@) = 14(2) + 1,(z) = cre” +exe ™ — =

Insert this solution into the equation and verify that it is indeed a solution. If we had been given initial conditions, we could
now use them to determine the arbitrary constants.

Example 2.4.2

What if we had a different source term? Consider the equation

vy +2y —3y=4x
The only thing that would change is the particular solution. So, we need a guess.

We know a constant function does not work by the last example. So, let’s try y, = Az. Inserting this function into Equation
2.4.4, we obtain

2A — 3Ax =4z

Picking A = —4/3 would get rid of the z terms, but will not cancel everything. We still have a constant left. So, we need
something more general.

Let’s try a linear function, y,(z) = Az + B. Then we get after substitution into Equation 2.4.4
24 — 3(Az + B) = 4z

Equating the coefficients of the different powers of z on both sides, we find a system of equations for the undetermined
coefficients:

2A—-3B=0
(2.4.2)
—3A=4
These are easily solved to obtain
4
A = *g
) . (2.4.3)
B=—-A=——
3 9
So, the particular solution is
4 8
)=z

This gives the general solution to the nonhomogeneous problem as

Y(z) = yn(z) + yp(x) = c16” + cre™>" — %x = %
There are general forms that you can guess based upon the form of the driving term, f(z). Some examples are given in Table
2.4.1. More general applications are covered in a standard text on differential equations. However, the procedure is simple.
Given f(z) in a particular form, you make an appropriate guess up to some unknown parameters, or coefficients. Inserting
the guess leads to a system of equations for the unknown coefficients. Solve the system and you have the solution. This
solution is then added to the general solution of the homogeneous differential equation.
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Table 2.4.1: Forms used in the Method of Undetermined Coefficients.

f(z) c

anz" + an_1z” 1+ -+ a1z + ag
aebz

acoswx + bsinwzx

Example 2.4.3

Solve
Y’ + 2y —3y=2e"
According to the above, we would guess a solution of the form y, = Ae~3. Inserting our guess, we find
0=2e"
Oops! The coefficient, A, disappeared! We cannot solve for it. What went wrong?

The answer lies in the general solution of the homogeneous problem. Note that e® and e~3* are solutions to the homogeneous
problem. So, a multiple of e~3* will not get us anywhere. It turns out that there is one further modification of the method. If
the driving term contains terms that are solutions of the homogeneous problem, then we need to make a guess consisting of
the smallest possible power of = times the function which is no longer a solution of the homogeneous problem. Namely, we
guess y,(z) = Aze 3" and differentiate this guess to obtain the derivatives y;, = A(1 — 3z)e 3" and y; = A(9z — 6)e "

Inserting these derivatives into the differential equation, we obtain
[(92 — 6) + 2(1 — 3z) — 3] Ae 3% = 2¢~%
Comparing coefficients, we have

—4A =2

1 . .
So, A= —1/2 and y,(z) = —axe*’. Thus, the solution to the problem is

1
y(z) = (2 — 53@) e 3"
Modified Method of Undetermined Coefficients

In general, if any term in the guess y,(z) is a solution of the homogeneous equation, then multiply the guess by z*, where k
is the smallest positive integer such that no term in z*y,(z) is a solution of the homogeneous problem.

2.4.2: Periodically Forced Oscillations

A SPECIAL TYPE OF FORCING is periodic forcing. Realistic oscillations will dampen and eventually stop if left unattended. For
example, mechanical clocks are driven by compound or torsional pendula and electric oscillators are often designed with the
need to continue for long periods of time. However, they are not perpetual motion machines and will need a periodic injection of
energy. This can be done systematically by adding periodic forcing. Another simple example is the motion of a child on a swing
in the park. This simple damped pendulum system will naturally slow down to equilibrium (stopped) if left alone. However, if the
child pumps energy into the swing at the right time, or if an adult pushes the child at the right time, then the amplitude of the
swing can be increased.
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There are other systems, such as airplane wings and long bridge spans, in which external driving forces might cause damage to
the system. A well know example is the wind induced collapse of the Tacoma Narrows Bridge due to strong winds. Of course, if
one is not careful, the child in the last example might get too much energy pumped into the system causing a similar failure of
the desired motion.

The Tacoma Narrows Bridge opened in Washington State (U.S.) in mid 1940. However, in November of the same year the winds
excited a transverse mode of vibration, which eventually (in a few hours) lead to large amplitude oscillations and then collapse.

While there are many types of forced systems, and some fairly complicated, we can easily get to the basic characteristics of forced
oscillations by modifying the mass-spring system by adding an external, time-dependent, driving force. Such as system satisfies
the equation

mé + b(x) + kx = F(t)
where m is the mass, b is the damping constant, & is the spring constant, and F(t) is the driving force. If F'(¢) is of simple form,

then we can employ the Method of Undetermined Coefficients. Since the systems we have considered so far are similar, one
could easily apply the following to pendula or circuits.

k m
Igcoswt

<< —>>

b

Figure 2.4.1: An external driving force is added to the spring-mass-damper system.

As the damping term only complicates the solution, we will consider the simpler case of undamped motion and assume that b
= 0. Furthermore, we will introduce a sinusoidal driving force, F(t) = Fy coswt in order to study periodic forcing. This leads to the
simple periodically driven mass on a spring system

mi + kx = Fjcoswt.
In order to find the general solution, we first obtain the solution to the homogeneous problem,
T, = c¢1 coswyt + co sinwyt
where wy = {/ —. Next, we seek a particular solution to the nonhomogeneous problem. We will apply the Method of Undetermined
m
Coefficients.

A natural guess for the particular solution would be to use =, = Acoswt + Bsinwt. However, recall that the guess should not be
a solution of the homogeneous problem. Comparing z, with z;, this would hold if w # wy. Otherwise, one would need to use the
Modified Method of Undetermined Coefficients as described in the last section. So, we have two cases to consider.

Dividing through by the mass, we solve the simple driven system, & + w%x = Ycoswt
m
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Example 2.4.4

Fi
Solve § + wiz = =2 coswt, for w + wo.
m

In this case we continue with the guess z, = A coswt + Bsinwt.

Since there is no damping term, one quickly finds that B = 0. Inserting =, = A coswt into the differential equation, we find
that

F
(—w® + wp) Acoswt = Eocos wt

Solving for A, we obtain

Fi
A—-_ "0
m (w3 — w?)
The general solution for this case is thus,
. Fy
z(t) = c¢1 coswyt + c2 sinwyt + —————cos wit

m (wf — w?)

Example 2.4.5

F
Solve # + w%x =%cos wot.
m

In this case, we need to employ the Modified Method of Undetermined Coefficients. So, we make the guess z, = A coswyt
+ Bsinwgt. Since there is no damping term, one finds that A = 8. Inserting the guess in to the differential equation, we find
that

" 2mwyg

or the general solution is

. Fy .
x(t) = ¢ coswot + ¢ sinwot + tsinwt
2mw

The general solution to the problem is thus

F
0 coswt, w F wy
m (wi — w?)
_ c 0
z(t) = ¢1 coswopt + co sinwot + P (2.4.4)
0 tsin wot, w=wy
2mwy

Special cases of these solutions provide interesting physics, which can be explored by the reader in the homework. In the case
that w = wy, we see that the solution tends to grow as ¢ gets large. This is what is called a resonance. Essentially, one is driving
the system at its natural frequency. As the system is moving to the left, one pushes it to the left. If it is moving to the right, one is
adding energy in that direction. This forces the amplitude of oscillation to continue to grow until the system breaks. An example
of such an oscillation is shown in Figure 2.4.2.
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Figure 2.4.2: Plot of z(¢t) =5cos2t + 5tsin2t, a
solution of & + 4z = 2 cos 2t showing resonance.

In the case that w # wy, one can rewrite the solution in a simple form. Let's choose the initial conditions that c;
= —Fy/ (m (w2 — w?)),c2 = 0. Then one has (see Problem 13)
2F, . (wo—w)t | (wo+w)t

z(t) = sin sin
®) m (w% — w2) 2 2

For values of w near wy, one finds the solution consists of a rapid oscillation, due to the sin factor, with a slowly varying

. 2F wo—w)t . . . .
amplitude, 5 0 sin (wo ) . The reader can investigate this solution.
m (wj — w?) 2

(wo +w)
2

|wo — wl
47
s. This corresponds to a period of T'= 1/ f ~ 83.7 Hz, which looks

This slow variation is called a beat and the beat frequency is given by f =
0.15
™

. In Figure 2.4.3 we see the high frequency

oscillations are contained by the lower beat frequency, f =

about right from the figure.

T
=
[
—
avd |
==
L
—J
[#9]
<

_]0_

. 1 43 . .
Figure 2.4.3: Plot ofz(¢) = 929 (2045 cos 2t — 800 cos 2_0t)' a solution of & + 4z = 2 cos 2.15t, showing beats.
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Example 2.4.6

Solve & + x = 2 coswt, z(0) = 0,%(0) = 0, for w = 1, 1.15. For each case, we need the solution of the homogeneous problem,

xp(t) = c1cost + cosint.
The particular solution depends on the value of w.
For w = 1, the driving term, 2 cos wt, is a solution of the homogeneous problem. Thus, we assume

z,(t) = At cost + Btsint.
Inserting this into the differential equation, we find A = 0 and B = 1. So, the general solution is

x(t) = c1cost + cysint + tsint
Imposing the initial conditions, we find
z(t) = tsint

This solution is shown in Figure 2.4.4.
For w = 1.15, the driving term, 2 cosw1.15t, is not a solution of the homogeneous problem. Thus, we assume

zp(t) = Acos1.15t + Bsin1.15t

Inserting this into the differential equation, we find A = f% and B = 0. So, the general solution is

z(t) = c1cost + cosint — @cost
- 2 129
Imposing the initial conditions, we find

800
= — — 1.1
z(t) 0 (cost — cos 1.15¢)

This solution is shown in Figure 2.4.5. The beat frequency in this case is the same as with Figure 2.4.3.

60 1
40 1
20+

UL il
M\%O\) 15060’00

,20-

_40,

,60_

Figure 2.4.4: Plot of z(t) = tsin 2t, a solution of & + z = 2 cost.
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Reduction of Order for Nonhomogeneous Equations

The Method of Reduction of Order is also useful for solving nonhomogeneous problems. In this case if we know one solution
of the homogeneous problem, then we can use it to obtain a particular solution of the nonhomogenous problem. For example,
consider the nonhomogeneous differential equation

a(@)y” (z) + b(x)y (z) + c(z)y(z) = f(=)

10
5_
O T T T IV/\ T /1
01 20| (30 0| | 60 | [70] |30
t
_5—
_10_

. 800 23 .
Figure 2.4.5: Plot of z(¢) = 199 (cost — cos %t), a solution of & + 2 = 2 cos 1.15t.

Let's assume y;(z) satisfies the homogeneous differential equation
a(z)yy (z) + b(z)yi(z) + c(z)y1(z) =0

The, we seek a particular solution, y,(z) = v(z)y;(z) Its derivatives are given by

Yy = (vy1)’
=v'y; +vy;
Yy = 'y +vyp)

vy + 20y + vy
Substituting y, and its derivatives into the differential equation, we have

f=ay, +by, +cy,
=a vy +20'y; +vyy’) + b (VY1 +vyl) + cop
= av”y; + 2av’'y] + bv'y; +v[ay; + by; + cyi]
= av”y; + 2av’y] + bv'y;

Therefore, v(x) satisfies the second order equation
a(z)y(x)v” (z) + [2a(z)y (z) + b(z)y1 ()] V' (z) = f(z)
Letting z = v/, we see that we have the linear first order equation for z(z) :

a(@)yx) 2’ () + 2a(z)y (z) + b(z)y1 ()] 2(z) = f(=)
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Example 2.4.7

Use the Method of Reduction of Order to solve ¢y’ + y = sec .

Solutions of the homogeneous equation, y”’ + y = 0 are sinz and cos z. We can choose either to begin using the Method of
Reduction of Order. Let's take y, = v cos z. Its derivatives are given by

y, = (vcosz)’
=o' cosz —wvsinz
17 / . 7
Yy, = (v cosz —vsinz)
17 /.
=v" " cosx —2v sinx —vcosT
Substituting into the nonhomogeneous equation, we have

secx =y, +Yp
=v"" cosz —2v sinz —vcosx + vcosz
17 /.
=0 cosx —2v sinx
Letting v/ = z, we have the linear first order differential equation
(cosz)z’ — (2sinzx)z = secx
Rewriting the equation as,
2

2/ — (2tanx)z = sec’ x

Multiplying by the integrating factor,

u(x) = —exp/$2tan§d§

= —exp2In|sec]

= COS2 T

we obtain

(z cos? m)/ =1
Integrating,

/

v :Z:$S€C2$

This can be integrated using integration by parts (letting U = z and V = tanz) :

v = /acsec2 zdz

=gxtanx — /tanzdw

ztanz — In | sec z|
We now have enough to write out the solution. The particular solution is given by

Yp = V1
= (ztanz — In|secz|) cosz

=zsinz + cosz In | cos z|

The general solution is then
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| y(z) = c1cosx + casinx + zsinz + cosx In | cos z|

Method of Variation of Parameters

A MORE SYSTEMATIC WAY to find particular solutions is through the use of the Method of Variation of Parameters. The derivation
is a little detailed and the solution is sometimes messy, but the application of the method is straight forward if you can do the
required integrals. We will first derive the needed equations and then do some examples.

We begin with the nonhomogeneous equation. Let's assume it is of the standard form
a(z)y” (z) + b(z)y' (z) + c(z)y(z) = f(z)

We know that the solution of the homogeneous equation can be written in terms of two linearly independent solutions, which we
will call y1(z) and ya(z) :

yn(z) = cry1(x) + caya(z)

Replacing the constants with functions, then we no longer have a solution to the homogeneous equation. Is it possible that we
could stumble across the right functions with which to replace the constants and somehow end up with f(z) when inserted into
the left side of the differential equation? It turns out that we can.

So, let’s assume that the constants are replaced with two unknown functions, which we will call ¢; (z) and ¢z (z). This change of the
parameters is where the name of the method derives. Thus, we are assuming that a particular solution takes the form

Yp(x) = c1(z)y1(z) + ca(w)y2(z).
We assume the nonhomogeneous equation has a particular solution of the form y,(z) = c¢1(z)y1(z) + ca(x)y2(z)

If this is to be a solution, then insertion into the differential equation should make the equation hold. To do this we will first need
to compute some derivatives.

The first derivative is given by
Yp(z) = c1(2)yi (@) + c2(@)ys(2) + c1(2)y1(2) + ch(@)y2()

Next we will need the second derivative. But, this will yield eight terms. So, we will first make a simplifying assumption. Let’s
assume that the last two terms add to zero:

i (@)yi(z) + ey(z)yz(z) = 0
It turns out that we will get the same results in the end if we did not assume this. The important thing is that it works!
Under the assumption the first derivative simplifies to
Yp(2) = c1(2)y (@) + c2(2)ys(2)
The second derivative now only has four terms:
Yp(@) = c1(@)yy (z) + c2(@)yy () + 1 (2)y1(2) + e3(@)ya(@)
Now that we have the derivatives, we can insert the guess into the differential equation. Thus, we have

f(x) =a(z) [er(2)yy () + ca(@)ys (z) + ¢ (2)y1 (z) + c5(x)ys ()]
+b(z) [e1(z)yy (z) + c2(x)ys ()] (2.4.5)
+ c(x) [er(z)y1 () + ca(z)ya(z))

Regrouping the terms, we obtain
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f(z) =c1(2) [a(x)yy () + b(z)y) (2) + c(z)y: (z)]
+ (@) [a(z)yy () + b(@)ys(2) + c(z)y2 ()] (2.4.6)
+a(z) [e1(2)yi(z) + ch(@)ys ()]

Note that the first two rows vanish since y; and y, are solutions of the homogeneous problem. This leaves the equation
f(z) = a(z) [} (2)yi (2) + c5(2)ys(2)]
which can be rearranged as

f(z)
a(z)

ci(@)yi(z) + cy(z)ys(z) =

In order to solve the differential equation Ly = f, we assume y,(z) = ci(z)yi(z) + co(z)y2(z) for Ly, o = 0. Then, one need only
solve a simple system of Equation 2.4.25.

In summary, we have assumed a particular solution of the form
Yp(z) = c1(2)y1(z) + c2(2)y2(z)
This is only possible if the unknown functions ¢;(z) and cy(z) satisfy the system of equations

@)y (z) + ey (z)y2(z) =0
f(z) (2.4.7)
a(x)

It is standard to solve this system for the derivatives of the unknown functions and then present the integrated forms. However,
one could just as easily start from this system and solve the system for each problem encountered.

C/ (.’C) — fy2

' aW (y1,92) L . . .

System 2.4.25 can be solved as where W (y1,y2) = y1¥5 — y1y2 is the Wronskian. We use this solution in the
clla) = A1

aW (y17 y?)

ci(@)y(x) + ca(z)ys () =

next section.

Example 2.4.8

Find the general solution of the nonhomogeneous problem: i’/ — y = 2.

The general solution to the homogeneous problem y;’ —y, = 0 is

yn(x) = c1€” + coe™®

In order to use the Method of Variation of Parameters, we seek a solution of the form
yp(x) = c1(z)e” + co(x)e™

We find the unknown functions by solving the system in Equation 2.4.25, which in this case becomes

ci(z)e” +cy(z)e ™ =0

=B 2z

2.4.8
ci(z)e” —cy(z)e P =e ( )

Adding these equations we find that
1
2cie’ = e - @ = 3 e’

Solving for ¢ (z) we find
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Subtracting the equations in the system yields

Thus,

The particular solution is found by inserting these results into y, :
Yp(z) = c1(2)y1(z) + c2(2)y2(z)

(11) £+( 13£) -
26 e 66 e

_1291
3

Thus, we have the general solution of the nonhomogeneous problem as

1
y(z) = c1€” + coe™* + 562’”

Example 2.4.9

Now consider the problem: 3"’ + 4y = sin z.
The solution to the homogeneous problem is

yn(z) = ¢1 cos 2z + co sin 2z.
We now seek a particular solution of the form

yn(x) = c1(x) cos 2z + co(x) sin 2.

We let y;(z) = cos 2z and yz(z) = sin 2z, a(z) = 1, f(z) = sinz in Equation 2.4.25:

i (z) cos 2z + cy(x) sin2z =0

—2¢1 () sin 2z + 2c5(x) cos 2z = sin .

(2.4.9)

(2.4.10)

Now, use your favorite method for solving a system of two equations and two unknowns. In this case, we can multiply the first
equation by 2sin 2z and the second equation by cos 2. Adding the resulting equations will eliminate the ¢] terms. Thus, we have

’

Inserting this into the first equation of the system, we have

sin 2z

1
ci(z) = —ch(z)—— = —Esina:sin 2z = —sin® zcos

cos 2x

These can easily be solved:

1 1 2
coz) = 3 / (2coszx - 1) sinzdr = 3 (cosx - gcos T

1
ci(z) = —/sinz cosxdr = —gsin3 z
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The final step in getting the particular solution is to insert these functions into y,(z). This gives
Yp(z) = c1(2)y1(z) + c2(2)y2(2)

1.4 1 1 4 .
= |(——=sin’z | cos2x + Ecosm—gcos x| sinz

3 (2.4.11)

= —sinx

3

So, the general solution is

1
y(x) = ¢1 cos2x + cosin2x + gsinx

2.4.5: Initial Value Green’s Functions

IN THIS SECTION WE WILL INVESTIGATE the solution of initial value problems involving nonhomogeneous differential equations
using Green’s functions. Our goal is to solve the nonhomogeneous differential equation

a(t)y” (t) + b)Y’ (t) + c(t)y(t) = f(t) (2.4.12)
subject to the initial conditions
y(0) =yo ¥ (0) =
Since we are interested in initial value problems, we will denote the independent variable as a time variable, t.

Equation 2.4.32 can be written compactly as

where L is the differential operator

The solution is formally given by

The inverse of a differential operator is an integral operator, which we seek to write in the form
i) = [ Gt nfryar

The function G(t, 7) is referred to as the kernel of the integral operator and is called the Green'’s function.

The history of the Green’s function dates back to 1828, when George Green published work in which he sought solutions of
Poisson’s equation V2u = f for the electric potential u defined inside a bounded volume with specified boundary conditions on
the surface of the volume. He introduced a function now identified as what Riemann later coined the "Green’s func-tion”. In this
section we will derive the initial value Green’s function for ordinary differential equations. Later in the book we will return to
boundary value Green'’s functions and Green's funcitons for partial differential equations.

George Green (1793-1841), a British mathematical physicist who had little formal education and worked as a miller and a baker,
published An Essay on the Application of Mathematical Analysis to the Theories of Electricity and Magnetism in which he not only
introduced what is now known as Green'’s function, but he also introduced potential theory and Green’s Theorem in his studies of
electricity and magnetism. Recently his paper was posted at arXiv.org, arXiv:9807.0088.

In the last section we solved nonhomogeneous equations like Equation 2.4.32 using the Method of Variation of Parameters.
Letting,

Yp(t) = c1(t)y1(t) + c2(t)ya(?)
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we found that we have to solve the system of equations

A @®)yr(t) + c5(t)y2(t) =0

2.4.13
(O (0) + chtat) = 1D (2419
q(t)
This system is easily solved to give
) f(t)y()
! alt) [y (t)y5(t) — v (H)y2(t)] (2410
) = fOm ()
: a(t) [y1(t)y5(t) — y1(t)y2(t)]

We note that the denominator in these expressions involves the Wronskian of the solutions to the homogeneous problem, which
is given by the determinant

W (y1,92) (1)

When y;(t) and y»(t) are linearly independent, then the Wronskian is not zero and we are guaranteed a solution to the above
system.

So, after an integration, we find the parameters as

L f(n)ya(T)

a(t)=— | —=—=dr
. f((L;T)I(/V)(T) (2.4.15)
_ T)Yi1\T -
2= | amwmn

where ty and t; are arbitrary constants to be determined from the initial conditions.

Therefore, the particular solution of Equation\ (2.4.32\) can be written as

" ()

yp(t) = ya(t) O f(T)ya(7)

],

We begin with the particular solution Equation 2.4.37 of the nonhomogeneous differential equation Equation 2.4.32. This can be
combined with the general solution of the homogeneous problem to give the general solution of the nonhomogeneous differential
equation:

Up(t) = cryn(t) + capa(t) + ya(t) f§%%%w—m@ tﬁ%%%m

However, an appropriate choice of ¢, and ¢; can be found so that we need not explicitly write out the solution to the homogeneous
problem, ciy1(t) + cay2(t). However, setting up the solution in this form will allow us to use ¢, and ¢; to determine particular

solutions which satisfies certain homogeneous conditions. In particular, we will show that Equation 2.4.38 can be written in the
form

Mﬂzcwdﬂ+cwﬂﬂ+/éG@Tﬁﬁﬂf

where the function G(t, 7) will be identified as the Green'’s function.
The goal is to develop the Green'’s function technique to solve the initial value problem
at)y”’ (t) + b)Y (t) + c(t)y(t) = f(t), y(0) =y, ¥'(0)=1vo

We first note that we can solve this initial value problem by solving two separate initial value problems. We assume that the
solution of the homogeneous problem satisfies the original initial conditions:
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a(t)yy (t) + b(&)y,(t) + c®ya(t) =0, yn(0) =yo, ¥,(0) =wvo
We then assume that the particular solution satisfies the problem
a(t)y, (t) + b()y,(t) + c(t)yp(t) = f(t), wp(0) =0, y,(0)=0
Since the differential equation is linear, then we know that
y(t) = yn(t) + yp(t)
is a solution of the nonhomogeneous equation. Also, this solution satisfies the initial conditions:

Y(0) = yn(0) + y,(0) = yo + 0 = yo
¥’ (0) = 43,(0) + ,(0) = vo + 0 = vg

Therefore, we need only focus on finding a particular solution that satisfies homogeneous initial conditions. This will be done by
finding values for ¢y and ¢; in Equation 2.4.37 which satisfy the homogeneous initial conditions, y,(0) = 0 and y,,(0) = 0.

First, we consider y,(0) = 0. We have
0
o) [ HOHD. 40 o / F@a(r)
tn a(r)W(r) T)W(T
Here, y1(t) and y,(t) are taken to be any solutions of the homogeneous differential equation. Let’s assume that y;(0) = 0 and ys
# (0) = 0. Then, we have

" () (r)
o amwmn T

We can force y,(0) = 0 if we set ¢; = 0.
Now, we consider y;,(0) = 0. First we differentiate the solution and find that

(r) v [ F(Dya(7)

wo=io | Gk || e

since the contributions from differentiating the integrals will cancel. Evaluating this result at ¢ = 0, we have

y,(0) = —41(0) . A W)

Assuming that y;(0) # 0, we can set ¢y = 0.

Thus, we have found that

o=t [ L0 [ £
f()@) (t)y2(7) (2410
_ Y1{7)y2(t) — y1(L)Y2(T Adr
‘A{ W () ]ﬂ”

This result is in the correct form and we can identify the temporal, or initial value, Green’s function. So, the particular solution is

given as
Z/tG(t,T)f(T)dT
0

y1(m)ya(t) — 1()ya(7)
a(T)W(7)

where the initial value Green'’s function is defined as

G(t,T) =
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We summarize

Solution of IVP Using the Green’s Function
The solution of the initial value problem,
a(t)y” (t) + b)Y’ (t) + c(t)y(t) = f(t), y(0)=yo, ¥'(0)=1vp

takes the form
t
) =)+ [ Gt frr
0

where

y1(7)y2(t) — y1(t)y2(7)
a(T)W(r)

G(t, 1) =

is the Green'’s function and y1, y2, ¥, are solutions of the homogeneous equation satisfying

y1(0) = 0,2(0) # 0,47(0) # 0,45(0) = 0,y1(0) = yo, y5(0) = vo

Example 2.4.10

Solve the forced oscillator problem
z'' +1x=2cost, z(0)=4, z'(0)=0
We first solve the homogeneous problem with nonhomogeneous initial conditions:
x) +z,=0, z,(0)=4, z,(00=0
The solution is easily seen to be z(t) = 4 cost.

Next, we construct the Green’s function. We need two linearly independent solutions, y;(z),y2(z), to the homogeneous
differential equation satisfying different homogeneous conditions, y;(0) = 0 and y5(0) = 0. The simplest solutions are y; (t)
=sint and y,(t) = cost. The Wronskian is found as

W(t) = y1(t)y5(t) — y1 (t)ya(t) = —sin® t — cost = —1
Since a(t) = 1 in this problem, we compute the Green’s function,

y1(m)ya(t) — y1()ya(7)
a(T)W(r)

=sintcosT —sinTcost

G(t, 1) =

(2.4.17)
=sin(t —7)

Note that the Green’s function depends on t — 7. While this is useful in some contexts, we will use the expanded form when
carrying out the integration.

We can now determine the particular solution of the nonhomogeneous differential equation. We have
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mp(t)z/o G(t,7)f(r)dr

t
= / (sintcos T — sinTcost)(2cos T)dr
0

¢ ) t (2.4.18)
= 2sint / cos” T7dT — 2 cost / sin 7 cos TdT
0 0

2't[7+1'2]t 2 t[1,2]t
= 11 = —Sin — —Sin
S 2 25 T COS 2S T

0 0

=tsint

Therefore, the solution of the nonhomogeneous problem is the sum of the solution of the homogeneous problem and this
particular solution: z(¢) = 4cost + ¢sint

This page titled 2.4: Forced Systems is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman
via source content that was edited to the style and standards of the LibreTexts platform.
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Ld
2.5: Cauchy-Euler Equations
Another class of solvable linear differential equations that is of interest are the Cauchy-Euler type of equations, also referred to
in some books as Euler's equation. These are given by

azx’y’ () + bay (z) + cy(x) = 0 (2.5.1)

Note that in such equations the power of x in each of the coefficients matches the order of the derivative in that term. These
equations are solved in a manner similar to the constant coefficient equations.

One begins by making the guess y(z) = z". Inserting this function and its derivatives,
y'(z)=rz" Y, y'(x)=r(r—1)z"2
into Equation 2.5.1, we have
lar(r—1)4+br+clz" =0
Since this has to be true for all z in the problem domain, we obtain the characteristic equation
ar(r—1)+br+c=0

The solutions of Cauchy-Euler equations can be found using this characteristic equation. Just like the constant coefficient
differential equation, we have a quadratic equation and the nature of the roots again leads to three classes of solutions. If there
are two real, distinct roots, then the general solution takes the form

y(z) = 1™ + coz™

Example 2.5.1

Find the general solution: z2y”" + 5zy’ + 12y =10
Solution

As with the constant coefficient equations, we begin by writing down the characteristic equation. Doing a simple computation,

0=r(r—1)+5r+12

=7’ +4r+12 o)
2.5.2
=(r+2)°+8,

—8=(r+2)?,
one determines the roots are r = —2 + 2v/2i. Therefore, the general solution is
y(z) = [01 cos(2V21n |z|) + ¢; sin(2v21n |x|)] z72

Deriving the solution for Case 2 for the Cauchy-Euler equations works in the same way as the second for constant coefficient
equations, but it is a bit messier. First note that for the real root, » = ry, the characteristic equation has to factor as (r — r1)2
= 0. Expanding, we have

r2—2r1r+r$ =0
The general characteristic equation is
ar(r—1)+br+c=0

Dividing this equation by a and rewriting, we have
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Comparing equations, we find

b c
—=1-2r, —=r?
a a

So, the Cauchy-Euler equation for this case can be written in the form

22y + (1 —2r)zy +riy=0

Now we seek the second linearly independent solution in the form y,(x) = v(z)x". We first list this function and its derivatives,

ya(x) = vz
ys(z) = (zv’ + riv)2"! (2.5.3)

17

vy (z) = (20" + 2r1zv’ + 71 (11 — 1) v) 372
Inserting these forms into the differential equation, we have

0=2%"+1—2r)ay +riy
T (2.5.4)
=(zv”" +v)zx

Thus, we need to solve the equation

v +v =0

Or
W 1
vz
Integrating, we have
Injv'|=—In|z|+C

where A = +¢© absorbs C and the signs from the absolute values. Exponentiating, we obtain one last differential equation to
solve,

Thus,
v(z) =Aln|z|+ k

So, we have found that the second linearly independent equation can be written as
ya2(z) = z™ In |z|.

Therefore, the general solution is found as y(z) = (c; + ca In|z|) z".

For one root, r; = r9 = r, the general solution is of the form y(z) = (¢1 + ¢2 In |z|) z".

Solve the initial value problem: t2y” + 3ty’ + y = 0, With the initial conditions y(1) = 0,7'(1) = 1.

Solution
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For this example the characteristic equation takes the form
r(r—1)4+3r+1=0
or
r’+2r+1=0
There is only one real root, r = —1. Therefore, the general solution is
y(t) = (c1+colnt]) t7*

However, this problem is an initial value problem. At ¢ = 1 we know the values of y and y’. Using the general solution, we first
have that

0=y(l)=0c
Thus, we have so far that y(t) = co In [¢[t L.
Now, using the second condition and
y/(t) = ea(1 — Int])
we have
I=y(l)=co

Therefore, the solution of the initial value problem is y(¢) = In |¢|t L.

We now turn to the case of complex conjugate roots, r = « + i8. When dealing with the Cauchy-Euler equations, we have solutions
of the form y(z) = x°*%, The key to obtaining real solutions is to first rewrite z¥ :

Y = elne? — pylnz
Thus, a power can be written as an exponential and the solution can be written as

y(x) = OB = geefnT gz 50
For complex conjugate roots, r = a + i3, the general solution takes the form y(z) = z® (¢; cos(f1n |z|) + c2 sin(S1n |z]))
Recalling that

ePnr — cos(BIn |z|) + isin(B1n|z|),

we can now find two real, linearly independent solutions, z® cos(S1n|z|) and z*sin(81n |z|) following the same steps as earlier for
the constant coefficient case. This gives the general solution as

y(z) = 2% (e1 cos(Bln |z|) + cosin(Bln|z|))

Example 2.5.3

Solve: z2y” — zy’ + 5y =0.
Solution

The characteristic equation takes the form

r(r—1)—r+5=0
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or
r2—2r+5=0

The roots of this equation are complex, 1 > = 1 + 2i. Therefore, the general solution is y(z) = = (¢1 cos(21n |z|) + co sin(21n|z|))

The three cases are summarized below.

Classification of Roots of the Characteristic Equation for Cauchy-Euler Differential Equations

1. Real, distinct roots r1, 5. In this case the solutions corresponding to each root are linearly independent. Therefore, the
general solution is simply

y(z) = crx™ + coz™.

2. Real, equal roots r; = r5 = r. In this case the solutions corresponding to each root are linearly dependent. To find a
second linearly independent solution, one uses the Method of Reduction of Order. This gives the second solution as
z" In |z|. Therefore, the general solution is found as

y(z) = (c1 + coln|z|) z".

3. Complex conjugate roots r1,72 = a 4+ i8. In this case the solutions corresponding to each root are linearly independent.
These complex exponentials can be rewritten in terms of trigonometric functions. Namely, one has that z® cos(81n|z|)
and z*sin(SB1n |z|) are two linearly independent solutions. Therefore, the general solution becomes

y(z) = 2% (c1 cos(Bln |z|) + co sin(Bln|z|)) .

Nonhomogeneous Cauchy-Euler Equations

We can also solve some nonhomogeneous Cauchy-Euler equations using the Method of Undetermined Coefficients or the Method
of Variation of Parameters. We will demonstrate this with a couple of examples.

Example 2.5.4

Find the solution of 22y"" — zy’ — 3y = 222
Solution

First we find the solution of the homogeneous equation. The characteristic equation is r? — 2r — 3 = 0. So, the roots are r
= —1,3 and the solution is y,(z) = c;z~! + coz®.

We next need a particular solution. Let's guess y,(z) = Az? Inserting the guess into the nonhomogeneous differential
equation, we have

2z% = 2%y — xy’ — 3y = 22°
=2Az% — 2Ax? — 3Ax? (2.5.5)
= —3A4z?

So, A = —2/3. Therefore, the general solution of the problem is

2
y(z) = ozt + cox® — §x2
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Example 2.5.5

Find the solution of 2%y”" — zy’ — 3y = 22°.
Solution

In this case the nonhomogeneous term is a solution of the homogeneous problem, which we solved in the last example. So,
we will need a modification of the method. We have a problem of the form

azy” +bzy +cy = dx”

where r is a solution of ar(r —1) +br + ¢ = 0. Let's guess a solution of the form y = Az"Inz. Then one finds that the
differential equation reduces to Az"(2ar — a + b) = dz". [You should verify this for yourself.]

With this in mind, we can now solve the problem at hand. Let y, = Az® In z. Inserting into the equation, we obtain 443 = 223
,or A =1/2. The general solution of the problem can now be written as

1
y(x) =z + cox® + 5:53 Inz

Example 2.5.6

Find the solution of z2y” — zy’ — 3y = 23 using Variation of Parameters.
Solution

As noted in the previous examples, the solution of the homogeneous problem has two linearly independent solutions, y;(x)
= z7! and y(x) = z3. Assuming a particular solution of the form y,(z) = ¢1(z)y1(x) + c2(z)y2(x), we need to solve the system
2.4.25:

ci(@)z + ch(x)zd =0

93 (2.5.6)
—cj(z)z72 + 3ch(z)z? = z—g; = 2z.
From the first equation of the system we have cj(z) = —z*c(x). Substituting this into the second equation gives c}(z) = e
X

1 1 . O
So, ca(z) = 5111 |z| and, therefore, ¢;(z) = §x4‘ The particular solution is

?Jp(x) = c1(@)y1(z) + ca(z)y2(z) = %z?’ + %w?’ In |z|

Adding this to the homogeneous solution, we obtain the same solution as in the last example using the Method of
Undetermined Coefficients. However, since —2? is a solution of the homogeneous problem, it can be absorbed into the first

terms, leaving

1
y(x) =zt + coz® + 5z3 Inz

This page titled 2.5: Cauchy-Euler Equations is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.
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2.6: Problems

Find all of the solutions of the second order differential equations. When an initial condition is given, find the particular
solution satisfying that condition.
a. ¥y —9 +20y=0
b. ¥/ —3y +4y=0, y0)=0, ¥ (0)=1.
c. 8y’ +4y +y=0, y0)=1, ¢ (0)=0.
d. z” —z’ —6z=0forz=ux(t).
Verify that the given function is a solution and use Reduction of Order to find a second linearly independent solution.
a. ;v2y" 20y’ —4y =0, yi(x) =2
b. zy’ —y +42%y =0, yi(z)=sin(z?).
c. (1—2%)y”’ —2zy +2y=0, yi(z)==z.[Note: This is one solution of Legendre’s differential equation in Example 4.4.]
d (z—-1)y" —2y' +y=0, yi(z)=c¢€".
Prove that y;(z) = sinhz and ys(z) = 3sinhz — 2 cosh z are linearly independent solutions of y — y = 0. Write y3(z) = coshz
as a linear combination of y; and ys.
Consider the nonhomogeneous differential equation z’/ — 3z’ 4 2z = 6.
a. Find the general solution of the homogenous equation.
b. Find a particular solution using the Method of Undetermined Coefficients by guessing z,(t) = Ae3..
c. Use your answers in the previous parts to write down the general solution for this problem.
Find the general solution of the given equation by the method given.
a. vy — 3y + 2y =10, Undetermined Coefficients.
vy + 2y +y=>5+ 10sin 2z, Undetermined Coefficients.
" — 5y’ + 6y = 3e%, Reduction of Order.
y” + 5y’ — 6y = 3e%, Reduction of Order.
y"’ 4+ y = sec® z, Reduction of Order.
vy’ + 1y’ = 322, Variation of Parameters.
y” —y=e* + 1, Variation of Parameters.
Use the Method of Variation of Parameters to determine the general solution for the following problems.
a. ¥y’ +y=tanuz.

b. 3’ —4y + 4y = 6xe®®
e2z

@ -0 200

cC. y 2y +y (1+e$)2.
d. y” — 3y + 2y =cos(e”).

Instead of assuming that cjy; + c5y2 = 0 in the derivation of the solution using Variation of Parameters, assume that ¢jy;
+ ¢y, = h(z) for an arbitrary function h(x) and show that one gets the same particular solution.

Find all of the solutions of the second order differential equations for x > 8. When an initial condition is given, find the
particular solution satisfying that condition.

a. z%y” +3zy’ +2y=0.

b. 2%y —3zy’ +3y=0, y(1)=1,y(1)=0.

C. 2”-i—5.1cy + 4y =0.

d. 2%’ —2xy +3y=0, y(1)=3,y(1)=0.

e. 2”4—3&7y —3y=0.
Another approach to solving Cauchy-Euler equations is by transforming the equation to one with constant coefficients.

. L1 (L)
) de? oz \ dt? dt
b. Use the above transformation to solve the following equations:
i. 2%y’ 4+ 3zy —3y=0.
ii. 22%y” 452y’ +y=0.
iil. 4z +y=0.
3,717

iv. 2%y +zy —y=0.

10. Solve the following nonhomogenous Cauchy-Euler equations for z > 0.

a. z%y” 4 3zy’ — 3y = 322

b. 21:2 v’ +5zy +y=2x>+

c. z%y” +bxy + 4y = 223,

d. 2%y —2zxy +3y=>5x2, y(1)=3,y(1)=0.
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11. A spring fixed at its upper end is stretched six inches by a 1o-pound weight attached at its lcf)lwer end. The spring-mass system
X
dt
system if the weight is drawn down an additional 4 inches and released. What would happen if you changed the coefficient
"5"to" 4 "? [You may need to consult your introductory physics text. For example, the weight and mass are related by W

= mg, where the mass is in slugs and g = 32ft/s%]

12. Consider an LRC circuit with L = 1.00H, R = 1.00 x 102Q,C = 1.00 x 107*f, and V = 1.00 x 10® V. Suppose that no charge is
present and no current is flowing at time ¢ = 0 when a battery of voltage V is inserted. Find the current and the charge on the
capacitor as functions of time. Describe how the system behaves over time.

13. Consider the problem of forced oscillations as described in section 2.4.2.

1. Plot the solutions in Equation (2.4.35) for the following cases: Let ¢; = 0.5,¢3 = 0, Fy = 1.0 N, and m = 1.0 kg for ¢ € [0, 100)

is suspended in a viscous medium so that the system is subjected to a damping force of 5 lbs. Describe the motion of the

wp = 2.0rad/s,w = 0.1rad/s.
wo = 2.0rad /s, w = 0.5rad/s.
wo = 2.0rad /s, w = 1.5rad/s.
wo = 2.0rad/s,w = 2.2rad/s.
wp = 1.0rad/s,w = 1.2rad/s.
wp = 1.5rad /s, w = 1.5rad/s.
2. Confirm that the solution in Equation (2.4.36) is the same as the solution in Equation (2.4.35) for F; =2.0 N,m
= 10.0 kg, wy = 1.5 rad/s, and w = 1.25rad/s, by plotting both solutions for ¢ € [0, 100].
14. A certain model of the motion light plastic ball tossed into the air is given by

ODORWN o

mz” +cx’ +mg=0, z(0)=0, z'(0)=uwvg

Here m is the mass of the ball, g = 9.8 m/s? is the acceleration due to gravity and c is a measure of the damping. Since there is
no z term, we can write this as a first order equation for the velocity v(t) = z’(¢) :

mv +cv+mg=0

Find the general solution for the velocity v(t) of the linear first order differential equation above.

Use the solution of part a to find the general solution for the position z(t).

Find an expression to determine how long it takes for the ball to reach it's maximum height?

Assume that ¢/m = 5 s~1. For vy = 5,10, 15,20 m/s, plot the solution, z(t) versus the time, using computer software.
From your plots and the expression in part ¢, determine the rise time. Do these answers agree?

What can you say about the time it takes for the ball to fall as compared to the rise time?

-0 Q2 00O

15. Find the solution of each initial value problem using the appropriate initial value Green’s function.
a. y’ =3y +2y=20e"%, y0)=0, ¢’ (0)=6
b. ¥y +y=2sin3z, y(0)=5 3 (0)=0.
c. ¥ +y=1+2cosz, y(0)=2, ¢ (0)=0.
d. 2%y —2zy +2y=32>—z, y(l)=x, ' (1)=0.
16. Use the initial value Green’s function for z”” + z = f(t),z(0) = 4, ’(0) = 0, to solve the following problems.
a. z”/ +x =5t
b. z”/ +x=2tant.
17. For the problem 3" — k?y = f(x),y(0) = 0,y'(0) =1,
a. Find the initial value Green’s function.
b. Use the Green’s function to solve y’ —y =e *.
c. Use the Green'’s function to solve ¢y’ — 4y = €7,
18. Find and use the initial value Green'’s function to solve

a?y” +3zy’ — 15y =z'e”, y(1)=1,4(1) =0

This page titled 2.6: Problems is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman via
source content that was edited to the style and standards of the LibreTexts platform.

@IOIC]E) 81(2.6.2)


https://math.libretexts.org/Bookshelves/Differential_Equations/A_First_Course_in_Differential_Equations_for_Scientists_and_Engineers_(Herman)/02%3A_Second_Order_ODEs/2.06%3A_Problems
https://creativecommons.org/licenses/by-nc-sa/3.0/
http://people.uncw.edu/hermanr
http://people.uncw.edu/hermanr/mat361/ODEBook/index.htm

LibreTextS"

3: NUMERICAL SOLUTIONS

"The laws of mathematics are not merely human inventions or creations. They simply 'are; they exist quite independently of the
human intellect." - M. C. Escher (1898-1972)

SO FAR WE HAVE SEEN SOME OF THE STANDARD METHODS for solving first and second order differential equations. However,
we have had to restrict ourselves to special cases in order to get nice analytical solutions to initial value problems. While these
are not the only equations for which we can get exact results, there are many cases in which exact solutions are not possible. In
such cases we have to rely on approximation techniques, including the numerical solution of the equation at hand.

The use of numerical methods to obtain approximate solutions of differential equations and systems of differential equations
has been known for some time. However, with the advent of powerful computers and desktop computers, we can now solve many
of these problems with relative ease. The simple ideas used to solve first order differential equations can be extended to the
solutions of more complicated systems of partial differential equations, such as the large scale problems of modeling ocean
dynamics, weather systems and even cosmological problems stemming from general relativity.

3.1: Euler's Method

3.2: Implementation of Numerical Packages
3.3: Higher Order Taylor Methods

3.4: Runge-Kutta Methods

3.5: Numerical Applications
3.5.1: The Nonlinear Pendulum
3.5.2: Extreme Sky Diving
3.5.3: The Flight of Sports Balls
3.5.4: Falling Raindrops
3.5.5: The Two-body Problem
3.5.6: The Expanding Universe
3.5.7: The Coefficient of Drag

3.6: Problems

This page titled 3: Numerical Solutions is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.
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3.1: Euler’s Method

In this section we will look at the simplest method for solving first order equations, Euler's Method. While it is not the most
efficient method, it does provide us with a picture of how one proceeds and can be improved by introducing better techniques,
which are typically covered in a numerical analysis text.

Let’s consider the class of first order initial value problems of the form

W — fww), ) =w

We are interested in finding the solution y(z) of this equation which passes through the initial point (z,yo) in the zy-plane for
values of z in the interval [a, b], where a = zy. We will seek approximations of the solution at N points, labeled z,, forn =1, ..., N.
For equally spaced points we have Az = z; — ¢y = 2 — x1, etc. We can write these as

T, = Tg+ nlAzx

In Figure 3.1.1 we show three such points on the z-axis.

Figure 3.1.1: The basics of Euler's Method are shown. An interval of the z axis is broken into N subintervals. The approximations to the
solutions are found using the slope of the tangent to the solution, given by f(z,y). Knowing previous approximations at (z,_1,y,—1), one can
determine the next approximation, y,,.

The first step of Euler's Method is to use the initial condition. We represent this as a point on the solution curve, (zg,y (z¢))
= (x0,y0), as shown in Figure 3.1.1. The next step is to develop a method for obtaining approximations to the solution for the
other z/s.

We first note that the differential equation gives the slope of the tangent line at (z, y(z)) of the solution curve since the slope is
the derivative, y'(z)’ From the differential equation the slope is f(z, y(z)). Referring to Figure 3.1.1, we see the tangent line drawn
at (zo,y0). We look now at x = z;. The vertical line z = z; intersects both the solution curve and the tangent line passing through
(z0,y0)- This is shown by a heavy dashed line.

While we do not know the solution at z = z;, we can determine the tangent line and find the intersection point that it makes with
the vertical. As seen in the figure, this intersection point is in theory close to the point on the solution curve. So, we will designate
y1 as the approximation of the solution y (z;). We just need to determine y;.

The idea is simple. We approximate the derivative in the differential equation by its difference quotient:
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ﬂN Y1—Y% _ Y1—Y
dx T1 — Tg Az

Since the slope of the tangent to the curve at (zg, yo) is ¥’ (z¢) = f (20, yo), We can write

Yy1—Y _
N D f (w0, 90)

Solving this equation for y;, we obtain
Y1 = yo + Az f (20, y0) -

This gives y; in terms of quantities that we know.

We now proceed to approximate y (z2). Referring to Figure 3.1.1, we see that this can be done by using the slope of the solution
curve at (z1,y1). The corresponding tangent line is shown passing though (z1,y;) and we can then get the value of y, from the
intersection of the tangent line with a vertical line, z = z,. Following the previous arguments, we find that

ya =y1 +Azf(x1,91).

Continuing this procedure for all z,,n = 1,... N, we arrive at the following scheme for determining a numerical solution to the

initial value problem:

Yo=Y (1'0) )
yn:ynfl"'Amf(mnflvynfl)v n= 15"-7N~

This is referred to as Euler's Method.

Example 3.1.1

. d . s
Use Euler's Method to solve the initial value problem % =z+y, y(0)=1and obtain an approximation for y(1).

Solution

First, we will do this by hand. We break up the interval [0, 1], since we want the solution at z = 1 and the initial value is at

b . .
= 0. Let Az = 0.50. Then, zg = 0,z; = 0.5 and z5 = 1.0. Note that there are N = A_xa = 2 subintervals and thus three points.

We next carry out Euler's Method systematically by setting up a table for the needed values. Such a table is shown in Table
3.1. Note how the table is set up. There is a column for each z,, and y,,. The first row is the initial condition. We also made use
of the function f(z,y) in computing the y/, s from Equation 3.1.6. This sometimes makes the computation easier. As a result,
we find that the desired approximation is given as y, = 2.5.

Table 3.1.1: Application of Euler’s Method for y' = z + y,y(0) = 1 and Az = 0.5.

Yn = Yn—1 + Az f (Tn_1,Yn—1) = 0.52,_1 + 1.5y,_1

(0] o) 1
1 0.5 0.5(0) + 1.5(1.0) = 1.5
2 1.0 0.5(0.5) + 1.5(1.5) = 2.5

Is this a good result? Well, we could make the spatial increments smaller. Let's repeat the procedure for Az = 0.2, or N = 5.
The results are in Table 3.2.

Now we see that the approximation is y; = 2.97664. So, it looks like the value is near 3 , but we cannot say much more.
Decreasing Az more shows that we are beginning to converge to a solution. We see this in Table 3.1.3.
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Table 3.1.2: Application of Euler’s Method for y' = z + y,y(0) = 1 and Az = 0.2.

Yn = 0.23, 1 + 1.2y, 4

o o 1

1 0.2 0.2(0) +1.2(1.0) = 1.2

2 0.4 0.2(0.2) +1.2(1.2) = 1.48

3 0.6 0.2(0.4) +1.2(1.48) = 1.856
4 0.8 0.2(0.6) + 1.2(1.856) = 2.3472
5 1.0 0.2(0.8) + 1.2(2.3472) = 2.97664

Table 3.1.3: Results of Euler’s Method for y' = = + y,y(0) = 1 and varying Az

Az yn ~y(1)

0.5 2.5

0.2 2.97664

0.1 3.187484920

0.01 3.409627659
0.001 3.433847864
0.0001 3.436291854

Of course, these values were not done by hand. The last computation would have taken 10080 lines in the table, or at least 40
pages! One could use a computer to do this. A simple code in Maple would look like the following:

> restart:
> fi=(X,y)->y+Xx;
> a:=0: b:=1: N:=100: h:=(b-a)/N;
> x[0]:=0: y[0]:=1:
for i from 1to N do
y[il:=y[i-11+h*f(x[i-11,y[i-1]):
X[]:=x[O]+h*(i):
od:

evalf(y[N]);
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Figure 3.1.2: A comparison of the results Euler's Method to the exact solution for y’ = z + y,y(0) = 1 and N = 10.
In this case we could simply use the exact solution. The exact solution is
ylz) =2e"—x—1
(The reader can verify this.) So, the value we are seeking is
y(1) = 2e — 2 = 3.4365636 ...

Adding a few extra lines for plotting, we can visually see how well the approximations compare to the exact solution. The Maple
code for doing such a plot is given below.

> with(plots):

> Data:=[seq([x[i],y[i]],i=0..N)]:

> P1:=pointplot(Data,symbol=DIAMOND):
> Sol:=t->-t-1+2*exp(t);

> P2:=plot(Sol(t),t=a..n,Sol=0..Sol(b)):

> display({P1,P2});
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Figure 3.1.3: A comparison of the results Euler's Method to the exact solution for y’ = z + y,y(0) = 1 and N = 100.

We show in Figures 3.2 — 3.3 the results for N = 10 and N = 100. In Figure 3.2 we can see how quickly the numerical solution
diverges from the exact solution. In Figure 3.3 we can see that visually the solutions agree, but we note that from Table 3.1.3 that
for Az = 0.01, the solution is still off in the second decimal place with a relative error of about 0.8%.

Why would we use a numerical method when we have the exact solution? Exact solutions can serve as test cases for our methods.
We can make sure our code works before applying them to problems whose solution is not known.

There are many other methods for solving first order equations. One commonly used method is the fourth order Runge-Kutta
method. This method has smaller errors at each step as compared to Euler's Method. It is well suited for programming and comes
built-in in many packages like Maple and MATLAB. Typically, it is set up to handle systems of first order equations.

In fact, it is well known that nth order equations can be written as a system of n first order equations. Consider the simple second
order equation

y' = flz,y)

This is a larger class of equations than the second order constant coefficient equation. We can turn this into a system of two first
order differential equations by letting u = y and v =y’ = w’. Then, v’ = y"" = f(z,u). So, we have the first order system

/
u =v

3.1.2
v = f(z,u) ( )

We will not go further into higher order methods until later in the chapter. We will discuss in depth higher order Taylor methods
in Section 3.3 and Runge-Kutta Methods in Section 3.4. This will be followed by applications of numerical solutions of differential
equations leading to interesting behaviors in Section 3.5. However, we will first discuss the numerical solution using built-in
routines.

This page titled 3.1: Euler's Method is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman
via source content that was edited to the style and standards of the LibreTexts platform.
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3.2: Implementation of Numerical Packages

3.2.1: First Order ODEs in MATLAB

One can use Matlab to obtain solutions and plots of solutions of differential equations. This can be done either symbolically,
using dsolve, or numerically, using numerical solvers like ode45. In this section we will provide examples of using these to solve
first order differential equations. We will end with the code for drawing direction fields, which are useful for looking at the general

behavior of solutions of first order equations without explicitly finding the solutions.

Symbolic Solutions

THE FUNCTION dsolve OBTAINS THE SYMBOLIC Solution and ezplot is used to quickly plot the symbolic solution. As an

example, we apply dsolve to solve the

' =2sint—4x, z(0)=0

At the MATLAB prompt, type the following:

sol = dsolve('Dx=2*sin(t)-4*x','x(0)=0","t");

ezplot(sol,[® 10])

xlabel('t"),ylabel(’x’), grid

The solution is given as

sol =

(2*exp(-4*1))/17 - (2*177(1/2)*cos(t + atan(4)))/17

Figure 3.2.1 shows the solution plot.

@O0

(2 exp(-4 1))/17 - (2 1772 cos(t + atan(4)))/17

Figure 3.2.1: The solution of Equation 3.2.1 with z(0) = 0 found using MATLAB's dsolve command.
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ODEA45 and Other Solvers.

There are several ode solvers in Matlab, implementing Runge-Kutta and other numerical schemes. Examples of its use are in the
differential equations textbook. For example, one can implement ode45 to solve the initial value problem

d t
Yo T y0)=1

&y

using the following code:

[t y]=0de45('func’,[® 5],1);

plot(ty)

xlabel('t’),ylabel(’y’)

title('y(t) vs t')
One can define the function func in a file func.m such as

function f=func(t,y)

f=-t*y/sqrt(2-y.*2);

Running the above code produces Figure 3.2.2.

. . d .
Figure 3.2.2: A plot of the solution of d—ZZ =— =) y(0) = 1, found using MATLAB'’s ode 45 command.
2—y

One can also use ode 45 to solve higher order differential equations. Second order differential equations are discussed in Section
3.2.2. See MATLAB help for other examples and other ODE solvers.

Direction Fields

ONE CAN PRODUCE DIRECTION FIELDS IN MATLAB. For the differential equation
dy

we note that f(z,y) is the slope of the solution curve passing through the point in the zy = plane. Thus, the direction field is a
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collection of tangent vectors at points (z,y) indication the slope, f(z,y), at that point.
A sample code for drawing direction fields in MATLAB is given by
[x,y]=meshgrid(0:.1:2,0:1:1.5);
dy=1-y;
dx=ones(size(dy));
quiver(x,y,dx,dy)
axis([0,2,0,1.5])
xlabel('x’)
ylabel('y’)
The mesh command sets up the zy-grid. In this case z is in [0,2] and y is in [0, 1.5]. In each case the grid spacing is 0.1.

We let dy =1 —y and dz = 1. Thus,

dy _1—y

de 1
The quiver command produces a vector (dz, dy) at (z,y). The slope of each vector is dy/dz. The other commands label the axes
and provides a window with z min = 0, z max = 2, ymin = 0, ymax = 1.5. The result of using the above code is shown in Figure 3.2.3
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Figure 3.2.3: A direction field produced using MATLAB's quiver function for ¢y’ =1 —y.

One can add solution, or integral, curves to the direction field for different initial conditions to further aid in seeing the connection
between direction fields and integral curves. One needs to add to the direction field code the followig lines:

hold on
[ty] = ode45(@(ty) 1-y, [0 2], .5);
plot(t,y,’k’,'LineWidth’,2)

[ty] = oded45(@(ty) 1-y, [O® 2], 1.5);
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plot(t,y,’k’,'LineWidth’,2)
hold off

Here the function f(t,y) = 1 —y is entered this time using MATLAB's anonymous function, @(t,y) 1-y. Before plotting, the hold
command is invoked to allow plotting several plots on the same figure. The result is shown the following lines:

L G N NN N N L N N N N N N
S S e N
I i Ny e e e e S
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Figure 3.2.4: A direction field produced using MATLAB's quiver function for y’ = 1 — y with solution curves added.

3.2.2: Second Order ODEs in MATLAB

WE CAN ALSO USE ode45 TO SOLVE second and higher order differential equations. The key is to rewrite the single differential
equation as a system of first order equations. Consider the simple harmonic oscillator equation, i + w?z = 0. Defining y; = 2 and
Yo = Z, and noting that
&+ wie =g+ Wiy
we have
U1 =y
U2 = —wy1.

Furthermore, we can view this system in the form y = y. In particular, we have

d | N n
iln]-[ o]
Now, we can use ode45. We modify the code slightly from Chapter 1.
[t y]=ode45('func’,[® 5],[1 O]);
Here[05] gives the time interval and [10] gives the initial conditions
y1(0) =x(0) =1, 1(0) =2(0) =1

The function func is a set of commands saved to the file func.m for computing the righthand side of the system of differential
equations. For the simple harmonic oscillator, we enter the function as

function dy=func(t,y)
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omega=1.0;
dy(1,1) = y(2);
dy(2,1) = -omega”2*y(1);

There are a variety of ways to introduce the parameter w. Here we simply defined it within the function. Furthermore, the output
dy should be a column vector.

After running the solver, we then need to display the solution. The output should be a column vector with the position as the first
element and the velocity as the second element. So, in order to plot the solution as a function of time, we can plot the first column
of the solution, y(:,1), vs ¢ :

plot(ty(:1))

xlabel('t"),ylabel(’y’)

title('y(t) vs t')

y(t) vs t

08

06

02

Figure 3.2.5: Solution plot for the simple harmonic oscillator.
The resulting solution is shown in Figure 3.2.5.

We can also do a phase plot of velocity vs position. In this case, one can plot the second column, y(:, 2), vs the first column, y(:, 1)

plot(y(:,1),y(:2))
xlabel(’y’),ylabel('v’)
title("v(t) vs y(t)')

The resulting solution is shown in Figure 3.2.6.
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v(t) vs x(t)
1 — T T

Figure 3.2.6: Phase plot for the simple harmonic oscillator.

Finally, we can plot a direction field using a quiver plot and add solution curves using ode45. The direction field is given for w =1
by dx =y and dy = —X.

clear
[x,y]=meshgrid(-2:.2:2,-2:.2:2);
ax=y,

dy=-x;

quiver(x,y,dx,dy)
axis([-2,2,-2,2])

xlabel('x’)

ylabel('y’)

hold on

[t y]J=ode45('func’,[® 6.28],[1 O]);
plot(y(:,1)y(:2))

hold off

The resulting plot is given in Figure 3.2.7.
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Figure 3.2.7: Phase plot for the simple harmonic oscillator.

3.2.3: GNU Octave

MUCH OF MATLAB’s FUNCTIONALITY CAN BE USED IN GNU OCTAVE. However, a simple solution of a differential equation is
not the same. Instead GNU Octave uses the Fortan lsode routine. The main code below gives what is needed to solve the system

w15

global c
c=T1;
y=Isode("oscf",[1,0],(tau=linspace(®,5,100))’);
figure(1);
plot(tau,y(:,1));
xlabel('t")
ylabel(’x(t)’)
figure(2);
plot(y(:,1).y(:2));
xlabel('x(t)")

ylabel('y(t)’)
The function called by the Isode routine, oscf, looks similar to MATLAB code. However, one needs to take care in the syntax and

ordering of the input variables. The output from this code is shown in Figure 3.2.8.

function ydot=oscf(y,tau);
global c

ydot(1)=y(2);

94 (3.2.7)
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ydot(2)=-c*y(1);

05 o 05

Figure 3.2.8: Numerical solution of the simple harmonic oscillator using GNU Octave’s lsode routine. In these plots are the position and
velocity vs times plots and a phase plot.

3.2.4: Python Implementation

ONE CAN ALSO SOLVE ORDINARY DIFFERENTIAL EQUATIONS using Python. One can use the odeint routine from
scipy.inegrate. This uses a variable step routine based on the Fortan lsoda routine. The below code solves a simple harmonic
oscillator equation and produces the plot in Figure 3.2.9.
import numpy as np
import matplotlib. pyplot as plt
from scipy.integrate import odeint
# Solve dv/dt = [y, - cx] for v = [x,y]
def odefn(v,t, c):
X,y=V
dvdt = [y, -¢*x ]
return dvdt
vO =[1.9, 0.8]
t = np.arange(0.9, 10.9, 0.1)
c=5;
sol = odeint(odefn, vO, t,args=(c,))
plt.plot(t, sol[;,01,’b’)
plt.xlabel('Time (sec)’)

plt.ylabel(’Position’)
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plt.title('Position vs Time’)

plt.show()
1.0 PQSltlon Vs Tlrrlle
0.5F 8
[=
o
2 00} 8
w
&£
-0.5} 1
-1.0 L L .
0 2 4 6 8 10

Time (sec)

Figure 3.2.9: Numerical solution of the simple harmonic oscillator using Python’s odeint.

If one wants to use something similar to the Runga-Kutta scheme, then the ode routine can be used with a specification of ode
solver. The below code solves a simple harmonic oscillator equation and produces the plot in Figure 3.2.10.

from scipy import *
from scipy.integrate import ode
from pylab import *
# Solve dv/dt = [y, - cx] for v = [x,y]
def odefn(t,v, c):
XY=V
dvdt = [y, -c*x ]
return dvdt
vO =[1.0, 0.9]
10=0;
tf=10;

dt=0.1;

Y=[];

T=[I;

r = ode(odefn).set_integrator('dopri5’)
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r.set_f_params(c).set_initial_value(v®,t®)

while r.successful() and r.t+dt < tf:
r.integrate(r.t+dt)
Y.append(r.y)
T.append(r.t)

Y = array(Y)

subplot(2,1,1)

plot(T,Y)

plt.xlabel('Time (sec)’)

plt.ylabel('Position’)

subplot(2,1,2)

plot(Y[:,®1,Y[:1])

xlabel('Position’)

ylabel('Velocity’)

show()

3.2.5: Maple Implementation

MAPLE ALSO HAS BUILT-IN ROUTINES FOR SOLVING DIFFERENTIAL EQUATIONS. First, we consider the symbolic solutions of
a differential equation. An example of a symbolic solution of a first order differential equation, y* = 1 — y with y(0) — 1.5, is given
by

> restart: with(plots):

> EQ:=diff(y(x),x)=1-y(x):

> dsolve({EQ,y(0)=1.5});
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Figure 3.2.10: Numerical solution of the simple harmonic oscillator using Python'’s ode routine. In these plots are the position and velocity vs
times plots and a phase plot.

The resulting solution from Maple is

1
y(o) =1+ e

One can also plot direction fields for first order equations. An example is given below with the plot shown in Figure 3.2.11.
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t
Figure 3.2.11: Maple direction field plot for first order differential equation.

In order to add solution curves, we specify initial conditions using the following lines as seen in Figure 3.2.12.
> ics:i=[y(0)=0.5,y(0)=1.5]:
> DEplot(ode,yt),t=0..2,y=0..1.5,ics,arrows=medium,linecolor=black,color=black);

These routines can be used to obtain solutions of a system of differential equations.
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Figure 3.2.12: Maple direction field plot for first order differential equation with solution curves added.
> EQ:=diff(x(t),t)=y(t),diff(y(t),t)=-x(t):
> ICs:=x(0)=1,y(0)=0;
> dsolve([EQ, ICs]);
> plot(rhs(%[1]),t=0..5);
A phaseportrait with a direction field, as seen in Figure 3.2.13, is found using the lines
> with(DEtools):

> DEplot( [EQ], [x(t),y(t)], t=6..5, x=-2..2, y=-2..2, , arrows=medium,linecolor=black,color=black,scaling=constrained);

AATA AT o e —aa ™ a e N N
Vv e e
s T v W
A7 SN Ny
s AR
P77 ‘RRE
rrt Yy b
i il
211 TR
T b
YA L
AR i Al
RN ari
AR ey
NN R P ey
NRR s o
ENANAN e s a o
NN la—a—a— s o o 2 Y N

Figure 3.2.13: Maple system plot.

This page titled 3.2: Implementation of Numerical Packages is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or
curated by Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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3.3: Higher Order Taylor Methods

Euler's method for solving differential equations is easy to understand but is not efficient in the sense that it is what is called
a first order method. The error at each step, the local truncation error, is of order Az, for z the independent variable. The
accumulation of the local truncation errors results in what is called the global error. In order to generalize Euler's Method, we
need to rederive it. Also, since these methods are typically used for initial value problems, we will cast the problem to be solved
as

B~ it v =w, tela) (33.)

The first step towards obtaining a numerical approximation to the solution of this problem is to divide the t-interval, [a, b], into N
subintervals,

ti=a+ih, i=0,1,....N, tg=a, tn=05b

where

We then seek the numerical solutions

with §o = y (to) = yo. Figure 3.17 graphically shows how these quantities are related.

Euler's Method can be derived using the Taylor series expansion of of the solution y (¢; + h) about t =¢; fori=1,2,..., N. This is
given by

y(ti1) =y (ti+h)
h? (3.3.2)
=yt)+y (t)h+ 71/” (&), & € (titiy1)

h? . . . . .
Here the term 73/’ (&) captures all of the higher order terms and represents the error made using a linear approximation to
y (t; + h). Dropping the remainder term, noting that y’(¢) = f(¢,y), and defining the resulting numerical approximations by ¢;
~ y (t;), we have
ﬂi+1 :gl+hf(t27gl)a i:():l:"'aNi
o =y(a) = yo.

1,
label3.11

This is Euler's Method.

Euler's Method is not used in practice since the error is of order h. However, it is simple enough for understanding the idea of
solving differential equations numerically. Also, it is easy to study the numerical error, which we will show next.

The error that results for a single step of the method is called the local truncation error, which is defined by

Tir1(h) = — f (i yi)

A simple computation gives
h 17
Ti1(h) = 2V (&), & € (ti,tis)

Since the local truncation error is of order h, this scheme is said to be of order one. More generally, for a numerical scheme of
the form
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o = y(a) =yo

(The local truncation error.) the local truncation error is defined by

yliv) =

Ti+1(h) = h

— F (ti, y:)

The accumulation of these errors leads to the global error. In fact, one can show that if f is continuous, satisfies the Lipschitz
condition,

|f (t,y2) — £ (t,y1)| < L|y2 — w1
for a particular domain D C R?, and
ly”(#)| < M, tE€ la,b
then

hM

o7 (eMt=® —1), i=0,1,..,N

ly(t:) — gl <
Furthermore, if one introduces round-off errors, bounded by §, in both the initial condition and at each step, the global error is
modified as
1 /M 6
7 (5 + 5 ) (M0 = 1) s gy M0, 0,1, N

) —gl <
ly (t:) — 9] < 2 5

Then for small enough steps A, there is a point when the round-off error will dominate the error. [See Burden and Faires, Numerical
Analysis for the details.]

Can we improve upon Euler's Method? The natural next step towards finding a better scheme would be to keep more terms in the
Taylor series expansion. This leads to Taylor series methods of order n.

Taylor series methods of order n take the form

Jirl = ~i+hT(") ti,gi), t=0,1,...,N—1
ytl Y (ti, i) (3.3.4)
Yo = Yo

where we have defined

h
TO(ty) =y (1) + 5" (1) + - +

However, since vy’ (t) = f(t,y), we can write

(n) h e hY o
T (t,y):f(t,y)JrEf (t,y)+~-~+Tf (t,y)

We note that for n = 1, we retrieve Euler's Method as a special case. We demonstrate a third order Taylor's Method in the next
example.

Example 3.3.1

Apply the third order Taylor's Method to

dy
- = 0)=1
o +y, y(0)

Solution
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and obtain an approximation for y(1) for h = 0.1.
The third order Taylor's Method takes the form
Jiv1 = G + AT (&,5), i=0,1,...,N—1
Jinn =17 (ti, §:) (3.3.5)
¥o = Yo
where
(3) h ’ h2 12
T™(ty) = fty) + 5 F 'ty + 57 F7 (1)
and f(t,y) =t +y(t).
In order to set up the scheme, we need the first and second derivative of f(¢,y):
ity = S +y)
14y (3.3.6)
=1+t+y
124 d
Fty) = 51+t +y)
1ty (3.3.7)
=1+t+y
Inserting these expressions into the scheme, we have
_ ~ h h?
Giv1 =Gi +h (ti+yi)+5(1+ti+yi)+?(1+ti+yi)
1 h 3.3.8
=ﬂi+h(ti+yi)+h2(5+g)(1+t¢+yi) .
Jo = Yo
fori=0,1,...,N — 1.

In Figure 3.1.1 we show the results comparing Euler's Method, the 3 rd Order Taylor's Method, and the exact solution for N = 10
. In Table 3.3.1 we provide are the numerical values. The relative error in Euler's method is about 7% and that of the 3 rd Order
Taylor's Method is about 0.8006%. Thus, the 3 rd Order Taylor's Method is significantly better than Euler's Method.
In the last section we provided some Maple code for performing Euler's method. A similar code in MATLAB looks like the following:
a=0;
b=1;
N=16;
h=(b-a)/N;

Table 3.3.1: Numerical values for Euler’s Method, 3rd Order Taylor’s Method, and exact solution for solving Example 3.3.1 with N
=10.

Euler Taylor Exact
1.0000 1.0000 1.0000
1.1000 1.1103 1.1103
1.2200 1.2428 1.2428
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Euler Taylor Exact
1.3620 1.3997 1.3997
1.5282 1.5836 1.5836
1.7210 1.7974 1.7974
1.9431 2.0442 2.0442
2.1974 2.3274 2.3275
2.4872 2.6509 2.6511
2.8159 3.0190 3.0192
3.1875 3.4364 3.4366

I I I I t— t

0 2 4 5 .8 1

Figure 3.3.1: Numerical results for Euler's Method (filled circle) and 3 rd Order Taylor's Method (open circle) for solving Example 3.3.1 as
compared to exact solution (solid line).

% Slope function
f =inline('t+y','t")y');
sol = inline('2*exp(t)-t-1','t");
% Initial Condition
t(1)=6;
y(1)=1;
% Euler's Method
for i=2:N+1
y(i)=y(i-1)+h*f(t(i-1),y(i-1));
t(i)=t(i-1)+h;
end

A simple modification can be made for the 3 rd Order Taylor's Method by replacing the Euler's method part of the preceding code
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by
% Taylor's Method, Order 3
y(1)=1;
h3 = h"2*(1/2+h/6);
for i=2:N+1
y(i)=y(i-1)+h*f(t(i-1),y(i-1))+h3* (1+t(i-1)+y(i-1));
t(i)=t(i-1)+h;
end
While the accuracy in the last example seemed sufficient, we have to remember that we only stopped at one unit of time. How can
we be confident that the scheme would work as well if we carried out the computation for much longer times. For example, if the
time unit were only a second, then one would need 86,400 times longer to predict a day forward. Of course, the scale matters.
But, often we need to carry out numerical schemes for long times and we hope that the scheme not only converges to a solution,
but that it coverges to the solution to the given problem. Also, the previous example was relatively easy to program because we
could provide a relatively simple form for T3 (t,y) with a quick computation of the derivatives of f(¢,y). This is not always the

case and higher order Taylor methods in this form are not typically used. Instead, one can approximate 7' (t,y) by evaluating the
known function f(t,y) at selected values of ¢ and y, leading to Runge-Kutta methods.

This page titled 3.3: Higher Order Taylor Methods is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by
Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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3.4: Runge-Kutta Methods

As WE HAD SEEN IN THE LAST SECTION, we can use higher order Taylor methods to derive numerical schemes for solving

d
=1y, @) =w, telab (3.4.1)
using a scheme of the form

gi+1 :gz+hT(n) (tugl)a ,L:07175N71
Fo = Yo

(3.4.2)

where we have defined

’ h 124
TO(ty) =y (1) + 5" (1) + - +
In this section we will find approximations of T (¢, ) which avoid the need for computing the derivatives.

For example, we could approximate

TA(t,y) = f(t,y) + %Z—f(t, y)
by
T, y) ~ af(t + o,y + B)

for selected values of a, a, and S. This requires use of a generalization of Taylor's series to functions of two variables. In particular,
for small « and 3 we have

9 f

il oL twa+ S|

ot?

of(t+ v+ 8) =a [t + S e+ T+ (S

+ higher order terms.

(t,y)o® +2

(3.4.3)

d . . . o .
Furthermore, we need d—{(t, y). Since y = y(t), this can be found using a generalization of the Chain Rule from Calculus III:

daf af  of dy
E(t,y) EJFa_yE
Thus,
of d
Tt = £t + 5 [ + 5]

Comparing this expression to the linear (Taylor series) approximation of af(t + «,y + 3), we have

T® ~af(t+a,y+B)

h 8f h Of af f (3.4.4)
f+ 554’ a—y ~af+ao +,3
We see that we can choose
azla (X—%, ﬂ:%f

This leads to the numerical scheme
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h h
Jiv1=0i+h (ti+—,~i+— t) i=0,1,..,N—1,
Jis1 =i+ hf 57 2f( i) (3.45)

Yo = Yo,

The Midpoint or Second Order Runge-Kutta Method

This Runge-Kutta scheme is called the Midpoint Method, or Second Order, and it has order 2 if all second order derivatives
of f(t,y) are bounded. The Midpoint or Second Order RungeKutta Method. Often, in implementing Runge-Kutta schemes, one
computes the arguments separately as shown in the following MATLAB code snippet. (This code snippet could replace the Euler's
Method section in the code in the last section.)

% Midpoint Method

y()=1;

for i=2: N+1
k1=h/2*f(t(i-1),y(i-1));
k2=h*f(t(i-1)+h/2,
y(i-1)+k1);

y(i)=y(i-1)+k2;
t(i)=t(i-1)+h;

end

Example 3.4.1

Compare the Midpoint Method with the 2nd Order Taylor's Method for the problem

y =t*+y, y0)=1, te[0,1]

The solution to this problem is y(t) = 3e! — 2 — 2t — t2. In order to implement the 2nd Order Taylor's Method, we need

TO = j(t,9) + 51 ()
(3.4.6)

:t2+y+%(2t+t2+y)

The results of the implementation are shown in Table 3.4.1.

Table 3.4.1: Numerical values for 2 nd Order Taylor's Method, Midpoint Method, exact solution, and errors for solving Example 3.4.1
with N = 10.

Exact Taylor Error Midpoint Error
1.0000 1.0000 0.0000 1.0000 0.0000
1.1055 1.1050 0.0005 1.1053 0.0003
1.2242 1.2231 0.0011 1.2236 0.0006
1.3596 1.3577 0.0019 1.3585 0.0010
1.5155 1.5127 0.0028 1.5139 0.0016
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Exact Taylor Error Midpoint Error
1.6962 1.6923 0.0038 1.6939 0.0023
1.9064 1.9013 0.0051 1.9032 0.0031
2.1513 2.1447 0.0065 2.1471 0.0041
2.4366 2.4284 0.0083 2.4313 0.0053
2.7688 2.7585 0.0103 2.7620 0.0068
3.1548 3.1422 0.0126 3.1463 0.0085

There are other way to approximate higher order Taylor polynomials. For example, we can approximate T(3)(t,y) using four
parameters by

TO(t,y) ~ af(t,y) + bf(t+ o,y + BF(t,y).

Expanding this approximation and using

2
T (t,y) ~ f(t,y) + ﬁz—f(t )+ %Z—{(t v)

we find that we cannot get rid of O (k%) terms. Thus, the best we can do is derive second order schemes. In fact, following a
procedure similar to the derivation of the Midpoint Method, we find that

a+b=1, ,abzg,ﬁza

There are three equations and four unknowns. Therefore there are many second order methods. Two classic methods are

. . 1

given by the modified Euler method (a =b= 7 a=0= h) and Huen's method
. ) o . 2

Missing or unrecognized delimiter for \right sa=f= gh) .

The Fourth Order Runge-Kutta

The Fourth Order Runge-Kutta Method, which is most often used, is given the scheme

Yo = Yo
k1= (Zvyl

h 1
hf( 2ayz+2kl>

h 1
ks—hf(t 3T+ 7k

= hf(t;i+ h,§; + ks3)
=hf(ti + h,§; + ks3)

it :gi+%(k1+2k2+2k3+k4), i=0,1,..,N—1.
Again, we can test this on Example 3.4.1 with N = 10. The MATLAB implementation is given by
% Runge-Kutta 4th Order to solve dy/dt = f(t,y), y(a)=y®, on [a,b]
clear
a=0;

b=1;
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N=16;

h=(b-a)/N;
% Slope function

f =inline('t"2+y','t",'y’);

sol = inline(’-2-2*t-t*2+3*exp(t)’,'t');
% Initial Condition

t(1)=6;

y()=1;

% RK4 Method

for i=2:N+1
k1=h*f(t(i-1),y1(i-1));
k2=h*f(t(i-1)+h/2,y1(i-1)+k1/2);
k3=h*f(t(i-1)+h/2,y1(i-1)+k2/2);
k4=h*f(t(i-1)+h,y1(i-1)+k3);
y1(i)=y1(i-1)+(k1+2*k2+2*k3+k4)/6;
t(i)=t(i-1)+h;

end

MATLAB has built-in ODE solvers, as do other software packages, like Maple and Mathematica. You should also note that there are

currently open source packages, such as Python based NumPy and Matplotlib, or Octave, of which some packages are contained
within the Sage Project.

MATLAB has built-in ODE solvers, such as ode45 for a fourth order Runge-Kutta method. Its implementation is given by
[tyl=ode45(f,[® 1],7);

In this case f is given by an inline function like in the above RK 4 code. The time interval is enetered as [0,1] and the 1 is the
initial condition, y(0) =

However, ode 45 is not a straight forward RK , implementation. It is a hybrid method in which a combination of 4 th and 5 th
order methods are combined allowing for adaptive methods to handled subintervals of the integration region which need more
care. In this case, it implements a fourth order Runge-Kutta-Fehlberg method. Running this code for the above example actually
results in values for N = 41 and not N = 10. If we wanted to have the routine output numerical solutions at specific times, then
one could use the following form

tspan=0:h:1;
[t,y]=0de45(f,tspan,1);
In Table 3.4.2 we show the solutions which results for Example 3.4.1 paring the RK, snippet above with ode45. As you can see

RK, is much better than the previous implementation of the second order RK (Midpoint) Method. However, the MATLAB routine
is two orders of magnitude better that RKj.
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Table Pagelndex2: Numerical values for Fourth Order Runge-Kutta Method, rk45, exact solution, and errors for solving Example 3.4.1
with N = 10.

Exact Taylor Error Midpoint Error
1.0000 1.0000 0.0000 1.0000 0.0000
1.1055 1.1055 4.5894e — 08 1.1055 —2.5083e — 10
1.2242 1.2242 1.2335e — 07 1.2242 —6.0935¢ — 10
1.3596 1.3596 2.3850e — 07 1.3596 —1.0954e — 09
1.5155 1.5155 3.9843e — 07 1.5155 —1.7319¢ — 09
1.6962 1.6962 6.1126e — 07 1.6962 —2.5451e — 09
1.9064 1.9064 8.8636e — 07 1.9064 —3.5651e — 09
2.1513 2.1513 1.2345e — 06 2.1513 —4.8265¢ — 09
2.4366 2.4366 1.6679e — 06 2.4366 —6.3686e — 09
2.7688 2.7688 2.2008e — 06 2.7688 —8.2366e — 09
3.1548 3.1548 2.8492e — 06 3.1548 —1.0482e — 08

There are many ODE solvers in MATLAB. These are typically useful if RK, is having difficulty solving particular problems. For
the most part, one which is similar to odens but combining a second and third order scheme. Which is similar to ode 45 but
combining a second and third order scheme. Applying the results to Example 3.3 we obtain the results in table 3.4.2 We are shown
below.
% Second Order RK Method
y1(1)=1;
for i=2:N+1
k1=h*f(t(i-1),y1(i-1));
k2=h*f(t(i-1)+h/2,y1(i-1)+k1/2);
y1(i)=y1(i-1)+k2;
t(i)=t(i-1)+h;
end
tspan=0:h:1;
[t,y]=0de23(f,tspan,1);

Table 3.4.3: Numerical values for Second Order Runge-Kutta Method, rk23, exact solution, and errors for solving Example 3.4.1 with
N =10.

1.0000 1.0000 0.0000 1.0000 0.0000

1.1055 1.1053 0.0003 1.1055 2.7409e — 06
1.2242 1.2236 0.0006 1.2242 8.7114e — 06
1.3596 1.3585 0.0010 1.3596 1.6792e — 05
1.5155 1.5139 0.0016 1.5154 2.7361e — 05
1.6962 1.6939 0.0023 1.6961 4.0853e — 05
1.9064 1.9032 0.0031 1.9063 5.7764e — 05
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2.1513
2.4366
2.7688
3.1548

2.1471
2.4313
2.7620
3.1463

0.0041 2.1512 7.8665e¢ — 05
0.0053 2.4365 0.0001
0.0068 2.7687 0.0001
0.0085 3.1547 0.0002

We have seen several numerical schemes for solving initial value problems. There are other methods, or combinations of methods,
which aim to refine the numerical approximations efficiently as if the step size in the current methods were taken to be much
smaller. Some methods extrapolate solutions to obtain information outside of the solution interval. Others use one scheme to get
a guess to the solution while refining, or correcting, this to obtain better solutions as the iteration through time proceeds. Such
methods are described in courses in numerical analysis and in the literature. At this point we will apply these methods to several
physics problems before continuing with analytical solutions.

This page titled 3.4: Runge-Kutta Methods is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.
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3.5: Numerical Applications

IN THIS SECTION WE APPLY VARIOUS NUMERICAL METHODS to several physics problems after setting them up. We first
describe how to work with second order equations, such as the nonlinear pendulum problem. We will see that there is a bit more to
numerically solving differential equations than to just running standard routines. As we explore these problems, we will introduce
other methods and provide some MATLAB code indicating how one might set up the system.

Other problems covered in these applications are various free fall problems beginning with a falling body from a large distance

from the Earth, to flying soccer balls, and falling raindrops. We will also discuss the numerical solution of the two body problem
and the Friedmann equation as nonterrestrial applications.

This page titled 3.5: Numerical Applications is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.
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3.5.1: The Nonlinear Pendulum

NOW WE WILL INVESTIGATE THE USE OF NUMERCIAL METHODS fOr SOLVing the nonlinear pendulum problem.

Example 3.5.1.1: Nonlinear Pendulum

Solve
§= —%sin@, 0(0) =6, w(0)=0, te]0,8],
using Euler's Method. Use the parameter values of m = 0.005 kg, L = 0.500 m, and g = 9.8 m/s2.

This is a second order differential equation. As describe later, we can write this differential equation as a system of two first
order differential equations,

Missing \end{equation}

Defining the vector
we can write the first order system as

where

F(t,0) = g .
—fsm0(t)

This allows us to use the the methods we have discussed on this first order equation for O ().
For example, Euler's Method for this system becomes

Oi11 = 0iy1 + AF (£;,0;)
With ©) = ©(0).

We can write this scheme in component form as
i1 0. wi
7 _ i +h 7.
Wit1 W —sin 0;

0iv1 = 0; + hw;

or

3.5.1.1
Wit1 = Wj — h%sin 01 ( )

starting with 6, = 6, and wy = 0.
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The MATLAB code that can be used to implement this scheme takes the form.

N=500;
h=(b-a)/N;
% Initial Condition
t(1)=6;
theta(1)=pi/6;
omega(1)=0;
% Euler's Method for
i=2:N+1
omega(i)=omega(i-1)-g/L*h*sin(theta(i-1));
theta(i)=theta(i-1)+h*omega(i-1);
t(i)=t(i-1)+h;

end

0 2 4 6 8
t(s)

Figure 3.5.1.1: Solution for the nonlinear pendulum problem using Euler's Method on ¢ € [0, 8] with N = 500.
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In Figure 3.5.1.1 we plot the solution for a starting position of 30° with N = 500. Notice that the amplitude of oscillation is
increasing, contrary to our experience. So, we increase N and see if that helps. In Figure 3.5.1.2 we show the results for N =
500, 18000, and 2000 points, or h =0.016, 0.008, and 0.004, respectively. We note that the amplitude is not increasing as
much.

The problem with the solution is that Euler's Method is not an energy conserving method. As conservation of energy is important
in physics, we would like to be able to seek problems which conserve energy. Such schemes used to solve oscillatory problems
in classical mechanics are called symplectic integrators. A simple example is the Euler-Cromer, or semi-implicit Euler Method.
We only need to make a small modification of Euler's Method. Namely, in the second equation of the method we use the updated
value of the dependent variable as computed in the first line.

0 2 4 6 8
1(s)

Figure 3.5.1.2: Solution for the nonlinear pendulum problem using Euler's Method on ¢ € [0, 8] with N = 500, 1000, 2000.

Let’s write the Euler scheme as

g .
Wit] = Wj — hfsm 0;

(3.5.1.2)
0ir1 = 0; + hw;
Then, we replace w; in the second line by w;,; to obtain the new scheme
Wit1 = Wj — hisin 02
L (3.5.1.3)

Oiv1 = 0; + hwiy

The MATLAB code is easily changed as shown below.

N=500;

h=(b-a)/N;
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% Initial Condition
t(1)=6;
theta(1)=pi/6;
omega(1)=0;
% Euler-Cromer Method
for i=2:N+1
omega(i)=omegal(i-1)-g/L*h*sin(theta(i-1));
theta(i)=theta(i-1)+h*omega(i);
t(i)=t(i-1)+h;
end
We then run the new scheme for N = 500 and compare this with what we obtained before. The results are shown in Figure 3.5.1.3
. We see that the oscillation amplitude seems to be under control. However, the best test would be to investigate if the energy is

conserved.

Recall that the total mechanical energy for a pendulum consists of the kinetic and gravitational potential energies,
1 2
E= Emv + mgh

For the pendulum the tangential velocity is given by v = Lw and the height of the pendulum mass from the lowest point of the
swing is h = L(1 — cos #). Therefore, in terms of the dynamical variables, we have

E= %mL%.;Z + mgL(1 — cos )
We can compute the energy at each time step in the numerical simulation. In MATLAB it is easy to do using
E =1/2*m*L*"2*omega.*2+m*g*L*(1-cos(theta));
after implementing the scheme. In other programming environments one needs to loop through the times steps and compute

the energy along the way. In Figure 3.5.1.4 we shown the results for Euler's Method for N = 500, 1000, 2000 and the Euler-Cromer
Method for N = 500. It is clear that the Euler-Cromer Method does a much better job at maintaining energy conservation.
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0 (n rad)
S

Euler Method
— — — Euler-Cromer

0 2 4 6 8
t(s)

Figure 3.5.1.3: Solution for the nonlinear pendulum problem comparing Euler’'s Method and the Euler-Cromer Method on ¢ € [0, 8] with N = 500.

0.03
Euler N = 500
0.025+| — — — Euler N=1000
----- Euler N = 2000
AAAAAAA Euler-Cromer N = 500
0.02 t
—~
H
= L
5 0.015
0.01f
0.005 ¢
) .
0 2 / o ’

Figure 3.5.1.4: Total energy for the nonlinear pendulum problem.

This page titled 3.5.1: The Nonlinear Pendulum is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.
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3.5.2: Extreme Sky Diving

ON OCTOBER 14, 2012 FELIX BAUMGARTNER JUMPED from a helium balloon at an altitude of 39045 m(24.26mi or 128100ft)
. According preliminary data from the Red Bull Stratos Mission !, as of November 6,2012 Baumgartner experienced free fall
until he opened his parachute at 1585 m after 4 minutes and 20 seconds. Within the first minute he had broken the record
set by Joe Kittinger on August 16,1960 . Kittinger jumped from 102,800 feet (31 km) and fell freely for 4 minutes and 36
seconds to an altitude of 18,000ft conservation.(5,500 m). Both set records for their times. Kittinger reached 614mph (Mach 0.9)
and Baumgartner reached 833.9mph (Mach 1.24). Another record that was broken was that over 8 million watched the event on
YouTube, breaking current live stream viewing events.

1

The original estimated data was found at the Red Bull Stratos site, http:/www.redbullstratos.com/. Some of
the data has since been updated. The reader can redo the solution using the updated data.

This much attention also peaked interest in the physics of free fall. Free fall at constant g through a height of 4 should take a time

of
2, 2(36,529)
VRN B Y o e AT
g 9.8 °

Of course, g is not constant. In fact, at an altitude of 39 km, we have

GM  6.67x 107"'Nm® kg® (5.97 x 10** kg)
~ R+h 6375 + 39 km

9 =9.68 m/s?

So, g is roughly constant.

. 1
Next, we need to consider the drag force as one free falls through the atmosphere, Fp = §CApav2. One needs some values for
the parameters in this problem. Let’s take m = 90 kg, A = 1.0 m?, and p = 1.29 kg/m?, C = 0.42. Then, a simple model would give

mv = —mg+ %C'Apv2
or
¥ = —g+ .00300°
This gives a terminal velocity of 57.2 m/s, or 128mph. However, we again have assumed that the drag coefficient and air density
are constant. Since the Reynolds number is high, we expect C is roughly constant. However, the density of the atmosphere is a

function of altitude and we need to take this into account.

The Reynolds number is used several times in this chapter. It is defined as

Re:ﬁ,
v

where v is the kinematic viscosity. The kinematic viscosity of air at 60°F is about 1.47 x 1075 m?/s.
A simple model for p = p(h) can be found at the NASA site. 2 Using their data, we have
Missing \begin{equation} or extra \end{equation}
In Figure 3.5.2.1 the atmospheric density is shown as a function of altitude.
2

https://www.grc.nasa.gov/WWW/k-12/rocket/atmos.html
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In order to use the methods for solving first order equations, we write the system of equations in the form

dh _
dt
dv GM

— 1 2
@& T Rame T prhOAY

This is now in the form of a system of first order differential equations.

Then, we define a function to be called and store in as gravf.m as shown below.

function dy=gravf(t,y);
G=6.67E-11;
M=5.97E24;

R=6375000;

dy(1,1)=y(2);

p (kg/m’)

1.4

10 20 30 40
h (km)

Figure 3.5.2.1: Atmospheric density as a function of altitude.

dy(2,1)=-G*M/(R+y(1)).*2+.5*density2(y(1))*C*A*y(2).2/m;

Now we are ready to call the function in our favorite routine.

h®=1000;
tmax=20;

tmin=0;

[tyl=ode45('dgravf’,[tmin tmax],[h®;8]);% Const rho
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plot(t,y(:1),'k--")

Here we are simulating free fall from an altitude of one kilometer. In Figure 3.5.2.2 we compare different models of free fall with ¢
taken as constant or derived from Newton’s Law of Gravitation. We also consider constant density or the density dependence on
the altitude as given earlier. We chose to keep the drag coefficient constant at C = 0.42.

We can see from these plots that the slight variation in the acceleration due to gravity does not have as much an effect as the
variation of density with distance.

Now we can push the model to Baumgartner's jump from 39 km. In Figure 3.5.2.3 we compare the general model with that with
no air resistance, though both taking into account the variation in g. As a body falls through the atmosphere we see the changing
effects of the denser atmosphere on the free fall. For the parameters chosen, we find that it takes 238.8 s, or a little less than four
minutes to reach the point where Baumgartner opened his parachute. While not exactly the same as the real fall, it is amazingly
close.

1000 '
800 t —
600 t —

—~
& 00} R _
N
200 t o -
Const g, C=0 "\~
° Va]” g, C=0 '
0| — — = Varg, rho=1.29 1
------- General Case
-200 : ' '
" 5 10 15 20

t(s)

Figure 3.5.2.2: Comparison of different models of free fall from one kilometer above the Earth.

40 T 1 T
35 No drag J
------- General Drag
30 © — + — End Freefall g
25 .
i~
ST ]
-
15 .
10 .
3 i
............ 1723885
0 1 1 -
150 200 250 300

t(s)

Figure 3.5.2.3: Free fall from 39 km at constant g as compared to nonconstant g and nonconstant atmospheric density with drag coefficient C
= .42.
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3.5.3: The Flight of Sports Balls

ANOTHER INTERESTING PROBLEM IS THE PROJECTILE MOTION OF A SPORTS ball. In an introductory physics course, one
typically ignores air resistance and the path of the ball is a nice parabolic curve. However, adding air resistance complicates the
problem significantly and cannot be solved analytically. Examples in sports are flying soccer balls, golf balls, ping pong balls,
baseballs, and other spherical balls.

We will consider a ball moving in the zz-plane spinning about an axis perpendicular to the plane of motion. Such an analysis was
reported in Goff and Carré, AJP 77 (11) 1020. The typical trajectory of the ball is shown in Figure 3.26. The forces acting on the
ball are the drag force, Fp, the lift force, F, and the gravitational force, Fy,. These are indicated in Figure 3.27. The equation of
motion takes the form

ma=FW—|—FD+FL

Writing out the components, we have

ma, = —Fpcos@ — F,sinf
ma, = —mg— Fpsinf + Ff cosf
Z
,‘
‘_.-l-) ,~
/ -’ ‘S\\)
"
v =
0o =

Figure 3.5.3.1: Sketch of the path for projectile motion problems.
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Figure 3.5.3.2: Forces acting on ball.

As we had seen before, the magnitude of the damping (drag) force is given by

1
Fp = §CDpAv2

For the case of soccer ball dynamics, Goff and Carré noted that the Reynolds number, Re = ﬂ, is between 70000 and 490000
v

by using a kinematic viscosity of v = 1.54 x 107° m?/s and typical speeds of v = 4.5 — 31 m/s. Their analysis gives Cp ~ 0.2.
The parameters used for the ball were m = 0.424 kg and cross sectional area A = 0.035 m? and the density of air was taken as
1.2 kg/m?

The lift force takes a similar form,
1 2
Fr = ECLpAv .

The sign of C}, indicates if the ball has top spin (C, < 0) or bottom spin *C, > 0). The lift force is just one component of a more
general Magnus force, which is the force on a spinning object in a fluid and is perpendicular to the motion. In this example we
assume that the spin axis is perpendicular to the plane of motion. Allowing for spinning balls to veer from this plane would mean
that we would also need a component of the Magnus force perpendicular to the plane of motion. This would lead to an additional
sideways component (in the k direction) leading to a third acceleration equation. We will leave that case for the reader.

The lift coefficient can be related to the spin as

1

v

Cr=
2+

VUspin

where v,,;,, = rw is the peripheral speed of the ball. Here R is the ball radius and w is the angular speed in rad /s. If v = 20 m/s,w
= 200rad/s, and r = 20 mm, then C, = 0.45.

So far, the problem has been reduced to

v, __pA

= o (Cpcos @ + Cp sin ) v*
dv, A
ch :_g—g—m(C’DsinH—C‘Lcosﬁ)v2

for v, and v, the components of the velocity. Also, v? = v2 + v2. Furthermore, from Figure 3.5.3.2, we can write
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Vg . (%
cos = —, sinf=—.
v v

So, the equations can be written entirely as a system of differential equations for the velocity components,

dvg
dt

/2

1
= —a(Cpv, + Crv,) (’Uz + vz)
Misplaced &
where a = pA/2m = 0.0530 m L.

Such systems of equations can be solved numerically by thinking of this as a vector differential equation,

dv
E = F(t, V)

and applying one of the numerical methods for solving first order equations.

Since we are interested in the trajectory, z = z(x), we would like to determine the parametric form of the path, (x(¢), 2(¢)). So,
instead of solving two first order equations for the velocity components, we can rewrite the two second order differential equations
for z(t) and z(t) as four first order differential equations of the form

dy
E = F(ta y)
We first define
y1(t) x(t)
v ya(t) _ 2(t)
ys(t) vz (1)
ya(t) v:(?)

Then, the systems of first order differential equations becomes

W _

i Y3

o

ddt (3.5.3.1)
% = —a(Cpv, + Crv,) (Ui + ’Uz)l/z

d

% =—g—« (CDUz — Cva) (Ui + vz)l/Z

The system can be placed into a function file which can be called by an ODE solver, such as the MATLAB m-file below.
function dy = ballf(t,y)
global g CD
CL alpha dy = zeros(4,1); % a column vector
v = sqri(y(3).22+y(4).22); % speed v
dy(1) = y(3);
dy(2) = y(4);
dy(3) = -alpha*v.*(CD*y(3)+CL*y(4));

dy(4) = alpha*v.*(-CD*y(4)+CL*y(3))-g;
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Then, the solver can be called using

[T,Y] = ode45('ballf’,[® 2.5],[x0,z0,vOx,v0z]);

10 b
8 -
— 6r
£ \
w 4r CD=0CL =0
2t — — —(CD=0.ICL=0 \
0 - CD=02CL=0 N
— - — CD=03CL=0
-2 i 1 1 1 1 1 1
0 5 10 15 20 25 30 35
x (m)

Figure 3.5.3.3: Example of soccer ball under the influence of drag.

In Figures 3.5.3.3 and 3.5.3.4 we indicate what typical solutions would look like for different values of drag and lift coefficients. In
the case of nonzero lift coefficients, we indicate positive and negative values leading to flight with top spin, C; < 0, or bottom

spin, Cr, > 0.
. - -
15 IR N
Lo T T = 10
10 sk
6 i .
E o5t T o4t N
2 ; ; N
CD=0CL=0 (_D 0CL =0 \’ .
0 — — —(D=0CL=01 0 — — —D=0CL=-01 \
- CD=0CL=02 Y N B €D = 0CL =02 )
, — - — (D=0CL=03 —  — CD=0CL=03 \
-5 -4t L N N L L L
0 5 10 15 20 25 30 35 40 0 5 10 15 20 25 30 35
x (m) x (m)

Figure 3.5.3.4: Example of soccer ball under the influence of lift with CL > 0 and CL < 0

This page titled 3.5.3: The Flight of Sports Balls is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by
Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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3.5.4: Falling Raindrops

A SIMPLE PROBLEM THAT APPEARS IN MECHANICS is that of a falling raindrop through a mist. The raindrop not only undergoes
free fall, but the mass of the drop grows as it interacts with the mist. There have been several papers written on this problem and
it is a nice example to explore using numerical methods. In this section we look at models of a falling raindrop with and without
air drag.

First we consider the case in which there is no air drag. A simple model of free fall from Newton’s Second Law of Motion is

d(mv) _
dt

In this discussion we will take downward as positive. Since the mass is not constant. we have

mﬁim _'Ud_m
a T

In order to proceed, we need to specify the rate at which the mass is changing. There are several models one can adapt.We will
borrow some of the ideas and in some cases the numerical values from Sokal(2018)! and Edwards, Wilder, and Scime (2001).2
These papers also quote other interesting work on the topic.

1

A. D. Sokal, The falling raindrop, revisited, Am. J. Phys. 78, 643-645, (2010).

B. F. Edwards, J. W. Wilder, and E. E. Scime, Dynamics of Falling Raindrops, Eur. J. Phys. 22, 113-118, (2001).

While v and m are functions of time, one can look for a way to eliminate time by assuming the rate of change of mass is an explicit
function of m and v alone. For example, Sokal (2010) assumes the form

dm

~ a,.B

7 amv” A >0

This contains two commonly assumed models of accretion:

1. o =2/3,3= 0. This corresponds to growth of the raindrop proportional to the surface area. Since m o r® and A « r?, then m
x A implies that 7 < m?/3.

2. 0 =2/3,8=1.1In this case the growth of the raindrop is proportional to the volume swept out along the path. Thus, Am
x A(vAt), where A is the cross sectional area and vAt is the distance traveled in time At

In both cases, the limiting value of the acceleration is a constant. It is g/4 in the first case and ¢/7 in the second case.

Another approach might be to use the effective radius of the drop, assuming that the raindrop remains close to spherical during

the fall. According to Edwards, Wilder, and Scime (2001), raindrops with Reynolds number greater than 1900 and with radii larger

than i mm will flatten. Even larger raindrops will break up when the drag force exceeds the surface tension. Therefore, they take

\(0.1 \mathrm{~mm}

It might seem more natural to make the radius the dynamic variable, than the mass. In this case, we can assume the accretion
rate takes the form

. 4 .
Since, m = gﬂ'pd’l‘d
a " d dt
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Therefore, the two special cases become

1. a=0,8= 0. This corresponds to a growth of the raindrop proportional to the surface area.
2. a=0,8=1.1In this case the growth of the raindrop is proportional to the volume swept out along the path.

Here pq4 is the density of the raindrop. We will also need

v dm 4mpgr? vdr
m dt 4 g dt
— 4T
3
v dr
=3-—
r dt
= 3yralyf+l

Putting this all together, we have a systems of two equations for v(t) and r(¢) :

d

d: —g— 3,Yra71,uﬂ+1
d

_d: = 'yr“vﬁ

Example 3.5.4.1

Determine v = v(r) for the case o = 0, 8 = 0 and the initial conditions r(0) = 0.1 mm and v(0) = 0 m/s.
In this case Equations 3.5.4.2 become

Missing \begin{equation} or extra \end{equation}
Noting that

dv _ dv dr _ dv
dt  drdt dr

we can convert the problem to one of finding the solution v(r) subject to the equation

v _g_,v

dr r
with the initial condition v (ry) = 0 m/s for o = 0.0001 m.

Rearranging the differential equation, we find that it is a linear first order differential equation,

d
v 3 _ g
dr T ¥

This equation can be solved using an integrating factor, . = r?, obtaining
Integrating, we obtain the solution

d
Note that for large r,v ~ 9. Therefore, LN 5
4y dt

4

(3.5.4.1)

(3.5.4.2)

While this case was easily solved in terms of elementary operations, it is not always easy to generate solutions to Equations 3.5.4.2
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analytically. Sokal (2010) derived a general solution in terms of incomplete Beta functions, though this does not help visualize the
solution. Also, as we will see, adding air drag will lead to a nonintegrable system. So, we turn to numerical solutions.

In MATLAB, we can use the function in raindropf.m to capture the system 3.5.4.2). Hereweputthevelocityin\ (y(1) and the radius in
y(2).

function dy=raindropf(t,y);

global alpha beta gamma g

dy=[g-3*gamma*y(2)*(alpha-1)*y(1)*(beta+1); ...
gamma*y(2)*alpha*y(1)*beta];

We then use the Runge-Kutta solver, ode45, to solve the system. An implementation is shown below which calls the function
containing the system. The value v = 2.5 x 1077 is based on empirical results quoted by Edwards, Wilder, and Scime (2001).

0.18 - 1600
0.17 1 1400
0.16 1 1200
0.15 1 1000
~ =
S <
g o014 & 800
~ -
0.13 600
0.12 400
0.11 200
0.1 - : 0 :
0 100 200 300 0 200 400
t(s) t(s)

Figure 3.5.4.1: The plots of position and velocity as a function of time for a = 5= 0.
clear
global alpha beta gamma g
alpha=e;
beta=0;
gamma=2.5e-07;
g=9.871;
r8=0.00071;
vO=0;
yO=[vO;r0];
tspan=[0 1000];

[t,y]=0de45(@raindropf,tspan,y®);
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plot(1800*y(:,2),y(;1),’k")

1600
1400 f
1200t
1000t

800 |

v (m/s)

600 f
400 f

200

0 1 1 L
0.1 0.12 0.14 0.16 0.18

r (mm)

Figure 3.5.4.2: The plot the velocity as a function of position for a = 8= 0.

500

400 ]

300 ¢ ]

v (m/s)

200 f 7

100 | 1

0 1 L 1
0 5 10 15 20

¥ (mm)

Figure 3.5.4.3: The plot the velocity as a function of position for a = 0,3 = 1.

The resulting plots are shown in Figures 3.5.4.1-3.5.4.2. The plot of velocity as a function of position agrees with the exact solution,
which we derived in the last example. We note that these drops do not grow much, but they seem to obtain large speeds.

For the second case, a = 0, 3 = 1, one can also obtain an exact solution. The result is

1
2 N1y
v(r) = [—gr (1 — (ﬂ) )] 2
Ty r
d . . .. .
For large r one can show that d—: ~ g In Figures 3 - 3373 - 32 we see again large velocities, though about a third as fast over the
same time interval. However, we also see that the raindrop has significantly grown well past the point it would break up.

In this simple model of a falling raindrop we have not considered air drag. Earlier in the chapter we discussed the free fall of a
body with air resistance and this lead to a terminal velocity. Recall that the drag force given by
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fo(v)

1
) CpAp.v*

where Cp is the drag coefficient, A is the cross sectional area and p,, is the air density. Also, we assume that the body is falling
downward and downward is positive, so that fp(v) < 0 so as to oppose the motion.

We would like to incorporate this force into our model 3.5.4.2. The first equation came from the force law, which now becomes

dv dm 1 9
Mo =mg— v — §C’DApav
Or
dv v dm 1
@& md am A

The next step is to eliminate the dependence on the mass,

fo

m

We had already done this for the second term; however,
propose that

m, in favor of the radius, r. The drag force term can be written as

1
—CpApgv?
2m

mr?
4
= 3
3 TPdT

1 2
Phed Pa? (3.5.4.3)

Edwards, Wilder, and Scime (2001) point to experimental data and

d—m =T 7'2’(]
dr Pm
where p,, is the mist density. So, the second terms leads to
o dm _ 3 pn v*
m dt 4 pg T
20 500
18 |
16 | 400
14 |
12 300
B =3
g oy g
1 -
8| 200
5 L
4t 100
2 L
0 : : 0 :
0 100 200 300 0 200 400
1(s) t(s)

Figure 3.5.4.4: The plots of position and velocity as a function of time for a = 0,8 =

. 4
But, since m = gﬂ'pdr3
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C;—T = 47rpdr2%
SO,
ar_ pw,
dt 4pq
This suggests that their model corresponds to a = 0,8=1, and v = :;; .

Now we can write down the modified system

dv _ 3 v?
=9 3o lyhHl §&0DT

pd (3.5.4.4)
% = yro”

Edwards, Wilder, and Scime (2001) assume that the densities are constant with values p, = .856 kg/m?, p; = 1.000 kg/m?, and p,,
=1.00 x 1073 kg/m®. However, the drag coefficient is not constant. As described later in Section 3.5.7, there are various models
indicating the dependence of Cp on the Reynolds number,
Re = ﬂ
v

where v is the kinematic viscosity, which Edwards, Wilder, and Scime (2001) set to v = 2.06 x 107> m?/s. For raindrops of the range
r = 0.1 mm to 1 mm, the Reynolds number is below rooo. Edwards, Wilder, and Scime (2001) modeled Cp = 12Re /2. In the plots
in Section 3.5.7 we include this model and see that this is a good approximation for these raindrops. In Chapter 10 we discuss
least squares curve fitting and using these methods, one can use the models of Putnam (1961) and Schiller-Naumann (1933) to
obtain a power law fit similar to that used here. So, introducing

2rv ) —1/2

Cp=12Re 1?2 =12 (
v

and defining

_ 9 Pap
23/2 pg

we can write the system of equations 3.5.4.6 as

3
s oo(2)?

dar
dt

(3.5.4.5)

= .

Now, we can modify the MATLAB code for the raindrop by adding the extra term to the first equation, setting o = 0,3 =1, and
using 6 = 0.0124 and v = 2.5 x 107 from Edwards, Wilder, and Scime (2001).
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Figure 3.5.4.5: The plots of position and velocity as a function of time with air drag included.
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Figure 3.5.4.6: The plot the velocity as a function of position with air drag included.

In Figures 3.5.4.5- 3.5.4.6 we see different behaviors as compared to the previous models. It appears that the velocity quickly
reaches a terminal velocity and the radius continues to grow linearly in time, though at a slow rate.

We might be able to understand this behavior. Terminal, or constant v,

s ()

|

=0

Looking at these terms, one finds that the second term is significantly smaller

2/3
L ~ (2) ~ 85.54 7!
r 1)

This agrees with the numerical data which gives the slope of the v vs r plot would occur when than the other terms and thus
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Or as 85.5236 s~

This page titled 3.5.4: Falling Raindrops is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.
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3.5.5: The Two-body Problem

A STANDARD PROBLEM IN CLASSICAL DYNAMICS is the study of the motion of several bodies under the influence of Newton'’s
Law of Gravitation. The so-called n-body problem is not solvable. However, the two body problem is. Such problems can model
the motion of a planet around the sun, the moon around the Earth, or a satellite around the Earth. Further interesting, and more
realistic problems, would involve perturbations of these orbits due to additional bodies. For example, one can study problems
such as the influence of large planets on the asteroid belt. Since there are no analytic solutions to these problems, we have to
resort to finding numerical solutions. We will look at the two body problem since we can compare the

We consider two masses, m; and ms, located at positions, r; and r,, respectively, as shown in Figure 3.36. Newton’s Law of
Gravitation for the force between two masses separated by position vector r is given by

Gmims r
F=——"—"-—
rz2 r

Each mass experiences this force due to the other mass. This gives the system of equations

Gmlmg

mli"l = ) (I‘l — 1‘2)
r2 — 1]
" Gmimsg
maoro = ) (1‘2 - 1‘1)
[r2 — 1]

Now we seek to set up this system so that we can find numerical solutions for the positions of the masses. From the conservation
of angular momentum, we know that the motion takes place in a plane. [Note: The solution of the Kepler Problem is discussed in
Chapter 9.] We will choose the orbital plane to be the zy-plane. We define 12 = |ro — ry|, and (z;,y;) = r;, # = 1,2. Furthermore,
we write the two second order equations as four first order equations. So, defining the velocity components as (u;,v;) = v;, the
system of equations can be written in the form

T uy

Y1 U1

T Uy
L " (3.5.5.1)
dt | u —amgy (x1 — T2)

U1 —amy (y1 — y2)

Us —am (z2 — z1)

V2 —ami (Y2 — y1)
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Figure 3.5.5.1: Two masses interact under Newton’s Law of Gravitation. system of equations can be written in the form

0.5

-0.5 )

-1.5 : :
-1 -0.5 0 0.5

Figure 3.5.5.2: Simulation of two bodies under gravitational attraction. function dz = twobody (¢, 2)

function dz = twobody(t,z)

dz = zeros(8,1);

G=1,
ml=.1;
m2 = 2;

r=((z(1) - z(3)).22 + (z(2) - z(4)).22).7(3/2);
alpha=G/r;
dz(1) = z(5);

dz(2) = z(6);

@IOIC]E) 134 (3.5.5.2)



LibreTexts"

dz(3) = z(7);
dz(4) = z(8);
dz(5) = alpha*m2*(z(3) - z(1));
dz(6) = alpha*m2*(z(4) - z(2));
dz(7) = alpha*m1*(z(1) - z(3));
dz(8) = alpha*m1*(z(2) - z(4));

In the above code we picked some seemingly nonphysical numbers for G and the masses. Calling ode 45 with a set of initial
conditions,

[t,z] = ode45('twobody’,[® 201, [-10 8 O 8 -1 8 8]);
plot(z(:,1),z(:,2),’k’,z(:,3),z(:,4),’K’);

we obtain the plot shown in Figure 3.5.5.2. We see each mass moves along what looks like elliptical helices with the smaller body
tracing out a larger orbit.

In the case of a very large body, most of the motion will be due to the smaller body. So, it might be better to plot the relative
motion of the small body with respect to the larger body. Actually, an analysis of the two body problem shows that the center of
mass

_ Mmury + mery

mi + mo
satisfies R = 0. Therefore, the system moves with a constant velocity.

The relative position of the masses is defined through the variable r = r; — r,. Dividing the masses from the left hand side of
Equations 3.5.5.2 and subtracting, we have the motion of m; about m»

r

where r = |r| = |[r; — ro|. Note that r x i = 0. Integrating, this gives r x i = constant. This is just a statement of the conservation
of angular momentum.

The orbiting body will remain in a plane and, therefore, we can take the z-axis perpendicular to r x 1, the position as r = (z(t), y(t))
, and the velocity as i = (u(t), v(t)). Then, the equations of motion can be written as four first order equations:

r=u
j=v
X
" (3.5.5.2)
b= —p2
7'3

where u = G (m1 +ms) and r = y/z2 + y%.

While we have established a system of equations which can be integrated, we should note a few results from the study of the
Kepler problem in classical dynamics which we review in Chapter 9. Kepler's Laws of Planetary Motion state:

1. All planets travel in ellipses.

The polar equation for the path is given by

a(l—e?)

"= 1+ ecos¢
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where e is the eccentricity and «a is the length of the semimajor axis. For 0 < e < 1, the orbit is an ellipse.

2. A planet sweeps out equal areas in equal times.
3. The square of the period of the orbit is proportional to the cube of the semimajor axis. In particular, one can show that

2 A s
I

By an appropriate choice of units, we can make u = G (m; + my) a reasonable number. For the Earth-Sun system,
p=6.67 x 10 "'m3kg's7? (1.99 x 10%° + 5.97 x 10**) kg
=1.33 x 10°m?s™!

That is a large number and can cause problems in the numerics. However, if one uses astronomical scales, such as putting lengths
in astronomical units, 1AU = 1.50 x 10® km, and time in years, then

w= 4T—7T22a3 = 4r?
in units of AU3/yr?.
Setting ¢ = 0, the location of the perigee is given by
2
e
or
r=(a(l—e),0)

At this point the velocity is given by

P= (0,‘/ﬁﬂ>,
al—e

Knowing the position and velocity at ¢ = 0, we can set the initial conditions for a bound orbit. The MATLAB code based on the
above analysis is given below and the solution can be seen in Figure 3.5.5.3.

0.8t 1
0.6 1 1
0.4
0.2

0

-0.2

-0.4

-0.6

-0.8 L , , , _
-2 -1.5 -1 -0.5 0

Figure 3.5.5.3: Simulation of one body orbiting a larger body under gravitational attraction

e=0.9;
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tspan=[0 100];
z0=[1-;0;0;sqrt((1+e)/(1-e))];

[t,z] = ode45('twobodyf',tspan, z0);
plot(z(:1),z(;2),’K’);

axis equal

function dz = twobodyf(t,z)

dz = zeros(4,1);

GM =1,

r=(z(1).22 + z(2).72)."(3/2),

alpha=GM/r;
dz(1) = z(3);
dz(2) = z(4);

dz(3) = -alpha*z(1);
dz(4) = -alpha*z(2);

While it is clear that the mass is following an elliptical orbit, we see that it will only do so for a finite period of time partly because
the RungeKutta code does not conserve energy and it does not conserve the angular momentum. The conservation of energy is
found (up to a factor of m; ) as

13 H

L2 oy H_ B
g @ +9) - T =—5

Similarly, the conservation of (specific) angular momentum is given by

rxv=(zy—yi)k =1/pa(l—e)k

As was the case with the nonlinear pendulum example, we saw that an implicit Euler method, or Cromer’s method, was better at
conserving energy. So, we compare the Euler's Method version with the Implicit-Euler Method. In general, we seek to solve the
system

r=F(r,v)
(3.5.5.3)
v = G(r,v)
As we had seen earlier, Euler’'s Method is given by
Vo =V 1+ At x G (1, X,
! (b, %0-1) (3.5.5.4)
Irp =Tp1+ At+F (tnfly anl)
For the two body problem, we can write out the Euler Method steps using v = (u,v),r = (z,y),F = (u,v), and G = —%(z,y).
‘A

(Euler's Method for the two body problem)The MATLAB code would use the loop
for i=2:N+1
alpha=mu/(x(i-1).A2 + y(i-1).22).~(3/2);

u(i)=u(i-1)-h*alpha*x(i-1);
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v(i)=v(i-1)-h*alpha*y(i-1);
x(1)=x(i-1)+h*u(i-1);
y(i)=y(i-1)+h*v(i-1);
t(i)=t(i-1)+h;

end

Note that more compact forms can be used, but they are not readily adaptable to other packages or programming languages.

-0.34 0.452
! -0.36 0.45
-0.38 0.448
0.4 £ 0446
& -0.42 £ 0444
g =
& -044 5 042
-0.46 ¥ gy
<
-0.48 [_J—J—l_‘—‘_‘_m 0.438
05 = 0.436
o -0.52 0.434
2 2
25 ) 13 f 03 0 0 20 40 60 80 100 0 20 40 60 80 100
Time Time

Figure 3.5.5.4: Results for using Euler method for N = 4000000 and ¢ € [0, 100]. The parameters are y=1,e=0,9,and a = 1.

In Figure 3.8 we show the results along with the energy and angular momentum plots for N = 4000000 and ¢ € [0, 100] for the case
of u =1, The para =1. ¢ = 0,9, and a = 1. The orbit based on the exact solution is in the center of the figure on the left. The
energy and angular momentum as a function of time are shown along with the similar plots obtained using ode 45 . In neither
case are these two quantities conserved.

for i=2:N+1
alpha=mu/(x(i-1).A2 + y(i-1).42).A(3/2);
u(i)=u(i-1)-h*alpha*x(i-1);
v(i)=v(i-1)-h*alpha*y(i-1);
x(1)=x(i-1)+h*u(i);
y(i)=y(i-1)+h*v(i);
t(i)=t(i-1)+h;

end

(Implicit-Euler Method for the two body)The Implicit-Euler Method is a slight modification to the Euler Method problem and has
a better chance at handing the conserved quantities as the ImplicitEuler Method is one of many symplectic integrators. The
modification uses the new value of the velocities in the updating of the position. Thus, we have

Vp =Vp_1+ At x G (tnflyxnfl) (3 55 5)
rpy=rp1+At*F (t,_1,vy) o

It is a simple matter to update the MATLAB code. In Figure 3.9 we show the results along with the energy and angular momentum
plots for N = 200000 and ¢ € [0,100] for the case of 4 =1,e = 0,9, and a = 1. The orbit based on the exact solution coincides
with the orbit as seen in the left figure. The energy and angular momentum as functions of time are appear to be conserved. The
energy fluctuates about —0.5 and the angular momentum remains constant. Again, the ode45 results are shown in comparison.
The number of time steps has been decreased from the Euler Method by a factor of 20 .
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Figure 3.5.5.5: Results for using the ImplicitEuler method for N = 200000 and ¢ € [0, 100]. The parameters are py=1,e= 0,9 ,and a = 1.

The Euler and Implicit Euler are first order methods. We can attempt a faster and more accurate process which is also a
symplectic method. As a final example, we introduce the velocity Verlet method for solving

¥ =a(r(t))
The derivation is based on a simple Taylor expansion:
r(t + At) = r(t) + v(t) At + %a(t)AtQ R
Replace At with —At to obtain
r(t —At) =r(t) — v(t)At + %a(t)AtQ e

Now, adding these expressions leads to some cancellations,
r(t+ At) = 2r(t) — r(t — At) + a(t)At* + O (At?)
Writing this in a more useful form, we have
Tpyl = 20, — Ty + a (1) At?

Thus, we can find r,,,; from the previous two values without knowing the velocity. This method is called the Verlet, or Stérmer-
Verlet Method.

Loup Verlet (1931-) is a physicist who works on molecular dynamics and Fredrik Carl Miilertz Stormer (1874-1957) was a
mathematician and physicist who modeled the motion of charged particles in his studies of the aurora borealis.

It is useful to know the velocity so that we can check energy conservation and angular momentum conservation. The Verlet Method
can be rewritten in the Stomer-Verlet Method in an equivalent form know as the velocity Verlet method. We use

1
r(t) —r(t — At) ~ v(t) At — EaAtQ

in the Stomer-Verlet Method and write
2

In =Tno1+ Vet + —-a (rn-1),

h
Vip-1/2 = Va1 + 52 (Tn-1), (3.5.5.6)
a, = a (I'n) )

Vn = Vp_1/2 + Ean:

where h = At. For the current problem, a (r,,) = —%rn.
rn
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(Stormer-Verlet Method for the two body problem.)

The MATLAB snippet is given as

for i=2:N+1

end

alpha=mu/(x(i-1).A2 + y(i-1).22).7(3/2);
x()=x(i-1)+h*u(i-1)-h~2/2*alpha*x(i-1);
y(i)=y(i-1)+h*v(i-1)-h*2/2*alpha*y(i-1);
u(i)=u(i-1)-h/2*alpha*x(i-1);

v(i)=v(i-1)-h/2*alpha*y(i-1);

alpha=mu/(x(i).A2 + y(i).*2).~(3/2);

u(i)=u(i)-h/2*alpha*x(i);
v(i)=v(i)-h/2*alpha*y(i);

t(i)=t(i-1)+h;

The results using the velocity Verlet method are shown in Figure 3.5.5.6. For only 50,8000 steps we have

and the orbit appears stable.
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Figure 3.5.5.6: Results for using velocity Verlet method for N = 50000 and ¢ € [0,100]. The parameters are u=1,e=0,9,and a = 1.

This page titled 3.5.5: The Two-body Problem is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
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3.5.6: The Expanding Universe

ONE OF THE REMARKABLE STORIES Of the twentieth century is the development of both the theory and the experimental data
leading to our current understanding of the large scale structure of the universe. In 1916 Albert Einstein (1879-1955) published
his general theory of relativity. It is a geometric theory of gravitation which relates the curvature of spacetime to its energy and
momentum content. This relationship is embodied in the Einstein field equations, which are written compactly as

G;w + Ag/w =

The left side contains the curvature of spacetime as determined by the metric g,,. The Einstein tensor, G, = R, — ERg‘“” is

determined from the curvature tensor R, and the scalar curvature, R. These in turn are obtained from the metric tensor. A is
the famous cosmological constant, which Einstein originally introduced to maintain a static universe, which has since taken on a
different role. The right-hand side of Einstein’s equation involves the familiar gravitational constant, the speed of light, and the
stress-energy tensor, T,,.

Georges Lemaitre (1894-1966) had actually predicted the expansion of the universe in 1927 and proposed what later became
known as the big bang theory.

In 1917 Einstein applied general relativity to cosmology. However, it was Alexander Alexandrovich Friedmann (1888-1925) who
was the first to provide solutions to Einstein’s equation based on the assumptions of homogeneity and isotropy and leading to
the expansion of the universe. Unfortunately, Friedmann died in 1925 of typhoid.

In 1929 Edwin Hubble (1889-1953) showed that the radial velocities of galaxies are proportional to their distance, resulting in
what is now called Hubble's Law. Hubble’s Law takes the form

v= Hyr

where H is the Hubble constant and indicates that the universe is expanding. The current values of the Hubble constant are (70
+ T)kms~'Mpc ~! and some recent WMAP results indicate it could be (71.0 4 2.5)kms1.!

1
These strange units are in common usMpc~!.5 age. Mpc stands for 1 megaparsec = 3.086 x 1022 m and i
kms*lMpc‘1 =3.24 x 1072 s71. The recent value was reported at the NASA website on March 25, 2013

http://map.gsfc.nasa.gov/universe/bb_tests_exp.html.

In this section we are interested in Friedmann’s Equation, which is the simple differential equation

a Q_SWGg(t),”cg_l_A
a) 3¢ R: 3

Here, a(t) is the scale factor of the universe, which is taken to be one at present time; £(¢) is the energy density; R, is the radius
of curvature; and, « is the curvature constant, (v = +1 for positively curved space, k = 0 for flat space, k = —1 for negatively
curved space.) The cosmological constant, A, is now added to account for dark energy. The idea is that if we know the right side
of Friedmann’s equation, then we can say something about the future size of the unverse. This is a simple differential equation
which comes from applying Einstein’s equation to an isotropic, homogenous, and curved spacetime. Einstein’s equation actually
gives us a little more than this equation, but we will only focus on the (first) Friedmann equation. The reader can read more in
books on cosmology, such as B. Ryden’s Introduction to Cosmology.

Friedmann’s equation can be written in a simpler form by taking into account the different contributions to the energy density.
For A = 0 and zero curvature, one has
N
a 881G
— = e(t).
(a ) 3c? ®)

We define the Hubble parameter as H(t) = a/a. At the current time, ty, H (t7) = Hy, Hubble’s constant, and we take a (ty) = 1. The
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energy density in this case is called the critical density,

3c? 2
t) = —=H(t)".
ec(t) = o= H(t)
It is typical to introduce the density parameter, Q = varepsilon /e.. Then, the Friedmann equation can be written as

l’ﬁZC2

1-Q=——=—"— .
Rla(t)2H(t)?

Evaluating this expression at the current time, then

and, therefore,

HZ (1— Q)

1-0= W2H?

Solving for H?, we have the differential equation

L\ 2
a I—QO
—| =H? [Q

<a) 0 (t)+ CL2 )

where ) takes into account the contributions to the energy density of the universe. These contributions are due to nonrelativistic
matter density, contributions due to photons and neutrinos, and the cosmological constant, which might represent dark energy.
This is discussed in Ryden (2003). In particular,  is a function of a(t) for certain models. So, we write

QT,O Qm,O

b=t

+ Qap,

where current estimates (Ryden (2003)) are 2,y = 8.4 x 1075, Q0= 0.3, Q40 ~ 0.7. In general, We require
Q04+ Qo + Qa0 = Qo.

So, in later examples, we will take this relationship into account.

(The compact form of Friedmann’s equation.)Therefore, the Friedmann equation can be written as

L\ 2
Qr Qm 1-0Q
(%) = H} { 24 0+ 0

at a3 a?

Taking the square root of this expression, we obtain a first order equation for the scale factor,

Q Q
a::I:Ho\/ TZ’O + m0 +QA700,2+1—90.
a a

The appropriate sign will be used when the scale factor is increasing or decreasing.
For special universes, by restricting the contributions to 2, one can get analytic solutions. But, in general one has to solve this

equation numerically. We will leave most of these cases to the reader or for homework problems and will consider some simple
examples.

Example 3.5.6.1

Determine a(t) for a flat universe with nonrelativistic matter only. (This is called an Einstein-de Sitter universe.)
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In this case, we have Q,p = 0,Q40 = 0, and Qy = 1. Since Q.o + Q0 + Qa0 = Lo, Umo = 1 and the Friedman equation takes

the form

This is a simple separable first order equation. Thus,
Integrating, we have

Taking a(0) = 0, we have

Since a (t9) = 1, we find

Example 3.5.6.2

form

A separation of variables gives

@O0

1
a = Hoy/—.

a
Hydt = ada

2
H()t = §a3/2 +C

2/3

ty = —.
°~ 3H,

This would give the age of the universe in this model as roughly ¢y = 9.3 Gyr.

Determine a(t) for a curved universe with nonrelativistic matter only.

We will consider Qg > 1. In this case, the Friedman equation takes the form
Q
a=+Hyyf 70 +(1-9)

Note that there is an extremum a,.x Which occurs for a = 0. This occurs for

Qo
4 = Qmax = m

Q
a=iHm/7°+(1—Qo)
Q 1—-Q
= +Ho/ 2414 —a( )
a QO
::l:HOU& 1l = ®
a amaz

Hy/Qodt = £ ————
a
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This form suggests a trigonometric substitution,

=sin%0
ama.x

with da = 2a .y sin 6 cos 6df. Thus, the integration becomes

2amax sin 6 cos 6d0

H, \/»t _ / V Gpax SID?

Vcos2

In proceeding, we should be careful. Recall that for real numbers vz2 = |z|. In order to remove the roots of squares we need
to consider the quadrant @ is in. Since a = 0 at ¢t = 0, and it will vanish again for § = «, we will assume 0 < 6 < 7. For this
range, sin§ > 0. However, cosf is not of one sign for this domain. In fact, a reaches it maximum at § = 7/2. So, @ > 0. This
corresponds to the upper sign in front of the integral. For § > 7/2, 4 < 0 and thus we need the lower sign and V' cos? § = — cos §
for that part of the domain. Thus, it is safe to simplify the square roots and we obtain

HO\/Q_Ot = Qaf’xgx /sin2 0,do
= afn/gx/(l — cos 26),d6 (3.5.6.2)
= a?n/fx (0 —3 —sin 29)
fort=0at6=0.

We have arrived at a parametric solution to the example,

a4 == . sin’ 0
3/2 3.5.6.3
p= Jmax (9—lsin20> ( )
Hov/Q 2

for 0 < 6 < 7. Letting, ¢ = 26, this solution can be written as

1
a = _ufmax(1 — COs d))

2
o302 (3.5.6.4)
t=—"2_(¢—sing)
2Ho/Qo

for 0 < ¢ < 27. As we will see in Chapter 10, the curve described by these equations is a cycloid.

A similar computation can be performed for 2y < 1. This will be left as a homework exercise. The answer takes the form

Qo
=_— "0 (coshn—1
O A qg s~

Qo :
= 21—y )

(3.5.6.5)

forn>0

Example 3.5.6.3

Determine the numerical solution of Friedmann’s equation for a curved universe with nonrelativistic matter only.

Since Friedmann’s equation is a differential equation, we can use our favorite solver to obtain a solution. Not all universe
types are amenable to obtaining an analytic solution as the last example. We can create a function in MATLAB for use in
ode45:
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function da=cosmosf(t,a)
global Omega
f=Omega./a+1-Omega;
da=sqrt(f);

end

50 ¢
40
30
20

10

0 50 100 150

Figure 3.5.6.1: Numerical solution (circles) of the Friedmann equation superimposed on the analytic solutions for a matter plus curvature
(Qo # 1) or no curvature (Q = 1) universe.

We can then solve the Friedmann equation and compare the solutions to the analytic forms in the last two examples. The code
for doing this is given below:

clear
global Omega
for Omega=0.8:.1:1.2;
if Omega<1
amax=50;
tmax=100;
elseif Omega==
amax=50;
tmax=100;
else
amax=0mega/(Omega-1);
tmax=0mega/(Omega-1)*1.5/2*pi;

end
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tspan=0:4:tmax;
ad=.1;
[t,a]=ode45(@cosmosf,tspan,a®);
plot(t,a,’ok’)
hold on
if Omega<1
eta=0:1:4;
a3 = Omega/(1-Omega)/2*(cosh(eta)-1);
t3 = Omega/(1-Omega)*1.5/2*(sinh(eta)-eta);
plot(t3,a3,’k’)
axis([®,max(t3),0,max(a3)])
xlabel('t’)
ylabel(’a’)
elseif Omega==
13=0.1:1.5*tmax;
a3=(3*t3/2).7(2/3);
plot(t3,a3,'k’)
else
phi=0:.1:2*pi;
a3 = Omega/(Omega-1)/2*(1-cos(phi));
t3 = Omega/(Omega-1)*1.5/2*(phi-sin(phi));
plot(t3,a3,’k’)
end
end
hold off
axis([0,150,08,50])
xlabel('t")
ylabel(’a’)
In Figure 3.5.6.1 we show the results. For 2, > 1 the solutions lie on the first half of the cycloid solution. The other solutions
indicate that the universe continues to expand, leading to what is called the Big Chill. The analytic solutions to the Qy > 1 cases
eventually collapse to a = 0 in finite time. These final states are what Stephen Hawking calls the Big Crunch.

The numerical solutions for ( > 1 run into difficulty because the radicand in the square root is negative. But, this corresponds to
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when a < 0. So, we have to modify the code by estimating the maximum on the curve and run the numerical algorithm with new
initial conditions and using the fact that a < 0 in the function cosmosf by setting da = — sqrt(f). The modified code is below and
the resulting numerical solutions are shown in Figure 3.5.6.2.
tspan=0:4:tmax;
ad=17;
[t,a]=0de45(@cosmosf,tspan,a®);
plot(t,a,’ok’,MarkerSize’,2)
hold on
if Omega>1
tspan=tmax+.0001:4:2*tmax;
a®=amax-.0001;
[t2,a2]=0de45(@cosmosf2,tspan,a®);
plot(t2,a2,’0k’,MarkerSize’,2)

end

30+ Q=1
201

10|

0 0 L )
0 50 100 150

Figure 3.5.6.2: Modified numerical solution (circles) of the Friedmann equation superimposed on the analytic solutions for a matter plus
curvature (29 # 1) or no curvature (Q¢ = 1) universe with the when , > 1.

This page titled 3.5.6: The Expanding Universe is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.
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3.5.7: The Coefficient of Drag

We have seen that air drag can play a role in interesting physics problems in differential equations. This also is an important
concept in fluid flow and fluid mechanics when looking at flows around obstacles, or when the obstacle is moving with respect to
the background fluid. The simplest such object is a sphere, such as a baseball, soccer ball, golf ball, or ideal spherical raindrop.
The resistive force is characterized by the dimensionless drag coefficient
F
Cp=4—— D

_ U2L2
2 P

where L and U are the characteristic length and speed of the object moving through the fluid.

There has been much attention focussed on relating the drag coefficient to the Reynolds number. The Reynolds number is given
by

where 7 is the viscosity and v = 1 is the kinematic viscosity. It is a measure of the size of the kinematic to viscous forces in the
P

problem at hand. There are different ranges of fluid behavior depending on the order of the Reynolds number. These range from
laminar flow (Re < 1000) to turbulent flow (Re > 2.5 x 10°). There are a range of other types of flows such as creeping flow (Re
<< 1) and transitional flows, which are a mix of laminar and turbulent flow.

For low Reynolds number, the inertial forces are small compared to the viscous forces, leading to the Stokes drag force, Cp
= 24Re~!. This result can be determined analytically. Similarly, for large Reynolds number the drag coefficient is a constant. This
is the Newtonian regime. Somewhere in between the form of the drag coefficient is found through empirical studies. There have
been many empirical expressions developed and all are within a few percent of the data in the range of applicability. Some of the
commonly used expressions are given below.

Models that are useful for Re < 103 :

24 4
C, = e + SRTL (Putnam (1961))
24 0.687 :
Cs = e (1+0.15Re™%7) | (Schiller-Naumann (1933))
e
Cy=12Re™" (Edwards et al. (2000))

Models that are useful for Re < 2 x 10° are the White (1991) and CliftGavin (1978), respectively,

24 6.

Cr= o —
Re 14+ +Re

0.4

42

4
1+ 0.15Re"-687 i
(1+ e+ 1+ 42500/ Re'16

" Re

Cs

A more recent model was proposed by Morrison (2010) for Re < 106 :

Re Re —7.94
2.6 (— 411
_u ( 5.0 ) ( 263000 ) Re"™
" Re ) Re \ 192 ) Re —8.00 461000
(ﬁ) * ( 263000 )

Plots for these models are shown in Figures 3.5.7.1 — 3.5.7.2. In Figure 3.5.7.1 we see that the models differ significantly for large
Reynolds numbers.
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Figure 3.5.7.1: Drag coefficient as a function of Reynolds number for spheres.
Figure 3.5.7.2 shows a log-log plot of the drag coefficient as a function of Reynolds number. In Figure 3.5.7.3 we show a power

law fit for Reynolds number less than 1000 confirming the model used by Edwards, Wilder, and Scime (2001) as described in the
raindrop problem.
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Figure 3.5.7.2: Log-log plot of the drag coefficient as a function of Reynolds number for spheres.
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Figure 3.5.7.3: A power law fit for the drag coefficient as a function of Reynolds number using linearization and linear regression

This page titled 3.5.7: The Coefficient of Drag is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.
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3.6: Problems

1. Use Euler's Method to determine the given value of y for the following problems. When possible compare the numerical
approximations with the exact solutions.

d . .
a. 2% — 2y, 4(0) = 2. Find y(1) with h = 0.1

b. z =z — y,y(0) = 1. Find y(2) with h = 0.2

dr
c. d_y = z+/1—y2%,y(1) = 0. Find y(2) with h = 0.2.
X
o _q, 2,y(1) = 2 with h = 0.25.

e = —3y + te?,y(0) = 0 with h = 0.25.

dt

N

Use the Midpoint Method to solve the initial value problems in Problem 1.

3. Numerically solve the nonlinear pendulum problem using the EulerCromer code for a pendulum with length L = 0.5 m using
initial angles of 6, = 10°, and 6, = 70°. In each case run the routines long enough and with an appropriate h such that you
can determine the period in each case. Compare your results with the linear pendulum period.

4. For the Baumgartner sky dive we had obtained the results for his position as a function of time. There are other questions
which could be asked.

Find the velocity as a function of time for the model developed in the text.

Find the velocity as a function of altitude for the model developed in the text.

What maximum velocity is obtained in the model? At what time and position?

Does the model indicate that terminal velocity was reached?

What speed is predicted for the point at which the parachute opened?

f. How do these numbers compare with reported data?

5. Consider the flight of a golf ball with mass 46 g and a diameter of 42.7 mm. Assume it is projected at 30° with a speed of

36 m/s and no spin.

a. Ignoring air resistance, analytically find the path of the ball and determine the range, maximum height, and time of flight
for it to land at the height that the ball had started.

A 1 . . . . .
b. Now consider a drag force fp = §CDp7r7‘21)2, with Cp = 0.42 and p = 1.21 kg/m®. Determine the range, maximum height,

and time of flight for the ball to land at the height that it had started.
c. Plot the Reynolds number as a function of time. [Take the kinematic viscosity of air, v = 1.47 x 107°.
d. Based on the plot in part ¢, create a model to incorporate the change in Reynolds number and repeat part b. Compare
the results from parts a, b and d.
6. Consider the flight of a tennis ball with mass 57 g and a diameter of 66.0 mm. Assume the ball is served 6.40 meters from the
net at a speed of 50.0 m/s down the center line from a height of 2.8 m. It needs to just clear the net (0.914 m).
a. Ignoring air resistance and spin, analytically find the path of the ball assuming it just clears the net. Determine the angle
to clear the net and the time of flight.
b. Find the angle to clear the net assuming the tennis ball is given a topspin with w = 50rad/s.
c. Repeat part b assuming the tennis ball is given a bottom spin with w = 50rad/s.
d. Repeat parts a, b, and ¢ with a drag force, taking Cp = 0.55.
7. In Example 3.7a(t) was determined for a curved universe with nonrelativistic matter for Q, > 1. Derive the parametric
equations for Qy < 1,

Lt

Qo
= — hn—1
¢ 2(1— Q) (coshn = 1) (3.6.1)
t o (sinhn — ) B
= —_— n —_
2Hy(1 — Q)3/2 T

forn>0

8. Find numerical solutions for other models of the universe.
a. A flat universe with nonrelativistic matter only with Q,,, o = 1.
b. A curved universe with radiation only with curvature of different types.
c. A flat universe with nonrelativistic matter and radiation with several values of Q,, 5 and Q, o + Q.0 = 1.

@IOIC]E) 151 (3.6.1)



LibreTextS“'

d. Look up the current values of Q,, 2,0, 20, and k. Use these values to predict future values of a(t).
e. Investigate other types of universes of your choice, but different from the previous problems and examples.

This page titled 3.6: Problems is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman via
source content that was edited to the style and standards of the LibreTexts platform.
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4: SERIES SOLUTIONS

"In most sciences one generation tears down what another has built and what one has established another undoes. In
mathematics alone each generation adds a new story to the old structure." - Hermann Hankel (1839-1873)

4.1: Introduction to Power Series

4.2: Power Series Method

4.3: Singular Points

4.4: The Frobenius Method
4.4.1: Introduction

4.4.2: Roots of Indicial Equation

4.5: Legendre Polynomials
4.6: Bessel Functions

4.7: Gamma Function

4.8: Hypergeometric Functions
4.9: Problems

This page titled 4: Series Solutions is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman
via source content that was edited to the style and standards of the LibreTexts platform.
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4.1: Introduction to Power Series

As NOTED A FEW TIMES, not all differential equations have exact solutions. So, we need to resort to seeking approximate
solutions, or solutions i the neighborhood of the initial value. Before describing these methods, we need to recall power series.
A power series expansion about z = a with coefficient sequence ¢, is given by > > c,(z — a)". For now we will consider all
constants to be real numbers with = in some subset of the set of real numbers. We review power series in the appendix.

The two types of series encountered in calculus are Taylor and Maclaurin series. A Taylor series expansion of f(z) about x = a is
the series

(Taylor series expansion.)
f@) ~> ez —a)"
n=0

where

(@)

n!

Cp =

Note that we use ~ to indicate that we have yet to determine when the series may converge to the given function.

(Maclaurin series expansion.) A Maclaurin series expansion of f(z) is a Taylor series expansion of f(z) about z = 0, or

flz) ~ Z cpz”
n=0
where
F™(0)
Cp =
n!

We note that Maclaurin series are a special case of Taylor series for which We note that Maclaurin series are a special case of
Taylor series for which the expansion is about z = 0. Typical Maclaurin series, which you should know, are given in Figure 4.1.1.

A simple example of developing a series solution for a differential equation is given in the next example.

Series Expansions You Should Know
T3 A o i
x* X x x
| 44 = r
e tx+ TGt n;)"!
2 4 0 2n
X X X
= 1-T 4 = —1)"
o8 x 2 T n;)( ) 2
3 5 0 2n+1
. ¥ ox x
sinx = x-S+ —... = -
' 3 15 LD gy
2 o © 20
h = 1+=—+—=+4... =
cosx totot E(Zn)!
3 5 o 2n+1
X x x
inh = a7 = =
sinhx Thgtet §,<zn+1)!
1 o
= 14+x+224+254+... = Zx”
1-—x =
1 2 3 = n
Tz - 1—x+x—x+... = Y (-x)
n=0
35 47 D 2041
¥ ox x
tanlx = x— 4 - +.. = —-1)"
meox = AmEAE o7t LD
2 3 00 n
X X X
In(1 = - — 4+ = —... = _qynttt
n(1+x) X-5+3 r;( ) .

Figure 4.1.1: Common Mclaurin Series Expansions
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Example 4.1.1

Y (x) =z + y(x),y(0) = 1.

We are interested in seeking solutions of this initial value problem. We note that this was already solved in Example 3.1. Let’s
assume that we can write the solution as the Maclaurin series

o 4/(0) (5

|
n=o M (4.1.1)

’ 1 2 1 111
=y(0)+y'(0)z + 5y (0)z® + oY (0)z® + ...

We already know that y(0) = 1. So, we know the first term in the series expansion. We can find the value of y’(0) from the
differential equation:

y'(0)=0+y(0)=1
In order to obtain values of the higher order derivatives at x = 0, we differentiate the differential equation several times:

y'(@) =14y (2)
y"(0)=1+y(0)=2 (4.1.2)
¥y (z)=y"(z) =2

All other values of the derivatives are the same. Therefore, we have

_ Lo 1 3
y(x)—1+z+2(§x + 3% +)

This solution can be summed as

1 1
y(w)=2(1+az+—x2+—

2 3!x3+...)—1—x:2e’—x—1.

This is the same result we had obtained before.

This page titled 4.1: Introduction to Power Series is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by
Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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4.2: Power Series Method

IN THE LAST EXAMPLE WE WERE ABLE to use the initial condition to produce a series solution to the given differential equation.
Even if we specified more general initial conditions, are there other ways to obtain series solutions? Can we find a general
solution in the form of power series? We will address these questions in the remaining sections. However, we will first begin with
an example to demonstrate how we can find the general solution to a first order differential equation.

Example 4.2.1

Find a general Maclaurin series solution to the ODE: y’ — 2zy = 0.

Let’s assume that the solution takes the form

00
y(z) = Z cnz"
n=0

The goal is to find the expansion coefficients, ¢,,,n =0, 1, ...

Differentiating, we have

(o]
Y (z) = Z neaz™ !

n=1
Note that the index starts at n = 1, since there is no n = 0 term remaining.

Inserting the series for y(z) and y’(z) into the differential equation, we have

o0 oo

n—1 n

0= E ne,T — 2z E [
n=1 n=0

=(c1 + 2c02 + 3c32% + 42° + ...) (4.2.1)
—2x (co +cix + ch2 + 63.'1:3 + )
=c1 + (2¢2 — o) x + (3c3 — 2¢1) £ + (dey — 2¢9) 2° + ...

Equating like powers of z on both sides of this result, we have

0= C1
0=2¢cy—c
2 (4.2.2)
0= 303 —C1
0= 4C4 — 202,
We can solve these sequentially for the coefficient of largest index:
2 1 1
Cc1 = O, Cy = Cp,C3 = 361 = 0,03 = 562 = 500,
We note that the odd terms vanish and the even terms survive:
y(x) = co + c1z + cox® + caxd + ...
(4.2.3)

1
=co+ cox2 + 50@1'4 + ...

Thus, we have found a series solution, or at least the first several terms, up to a multiplicative constant.
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Of course, it would be nice to obtain a few more terms and guess at the general form of the series solution. This could be
done if we carried out the streps in a more general way. This is accomplished by keeping the summation notation and trying
to combine all terms with like powers of z. We begin by inserting the series expansion into the differential equation and
identifying the powers of z :

oo oo
0= Z ne,z” Tl — 2z Z CnT
n=1 n=0
(4.2.4)
o0 (o]
= Z negz ! — Z 2¢, 2"
n=1 n=0

We note that the powers of z in these two sums differ by 2 . We can re-indexing a series. re-index the sums separately so
that the powers are the same, say k. After all, when we had expanded these series earlier, the index, n, disappeared. Such an
index is known as a dummy index since we could call the index anything, like n — 1,£ — 1, or even k = n — 1 in the first series.
So,wecanletk=n—1,orn=k+1, to write

n—1 k
nep™ =Y (k+1)cppiz
nz;: ; (4.2.5)

=1 + 2¢cox + 303a:2 +423 + ...
Note, that re-indexing has not changed the terms in the series.

Similarly, we can let k =n + 1, or n = k£ — 1, in the second series to find

oo o0
E 2¢,z" = E 2¢,_1z"
n=0 k=1

(4.2.6)
= 2¢cqg + 2c1x + 2012 + 203333 + ...
Combining both series, we have
o0 o0
0= Z nepz” = Z 2¢,z" !
n=1 n=0
oo oo
= (k+ Dexnzt = 212" (4.2.7)
k=0 k=1
o0
=c14+ Y [(k41)cp1 — 2¢k 1] zF
k=1
Here, we have combined the two series for k=1,2, ... .. The k = 0 term in the first series gives the constant term as shown.

We can now set the coefficients of powers of = equal to zero since there are no terms on the left hand side of the equation.
This gives ¢; = 0 and

(k+1)ck+1*2(2k,1, k=1,2,..

This last equation is called a recurrence relation. It can be used to find successive coefficients in terms of previous values.
In particular, we have

2

—Ck k=1,2,....
k+1ck 15 9 &y

Cht+1 =

Inserting different values of k, we have
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k=1 02—500=00.
k=2: c3= %cl =0
k=3: ca= %CQ = %co. (4.2.8)
k=4: c¢c5= %c;; =0
k=5: cg %04 ﬁco.
Continuing, we can see a pattern. Namely,
0, k=20+1
B T Y

Thus,

y(z) = chzk

[}
k=0

2 3
=cog+c1x+cox” +c3z” + ...

—c 2 i 4 i 6
=co+cox” + 2lcom + 3'001’ + ...
: ) (4.2.9)

1 1
co (1 +z2+ 59:4 + imﬁ + )

This example demonstrated how we can solve a simple differential equation by first guessing that the solution was in the form of
a power series. We would like to explore the use of power series for more general higher order equations. We will begin second
order differential equations in the form

P(z)y" (z) + Q(z)y'(z) + R(z)y(x) =0

where P(z),Q(z), and R(x) are polynomials in z. The point z, is called an ordinary point if P (z() # 0. Otherwise, z, is called a
singular point. (Ordinary and singular points.) When z, is an ordinary point, then we can seek solutions of the form

y@) = oz —a0)"
n=0

For most of the examples, we will let z, = 0, in which case we seek solutions of the form

y(z) = io: cpx™

n=0

Example 4.2.2

Find the general Maclaurin series solution to the ODE:

/

y' —zy —y=0

We will look for a solution of the form
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00
y(z) = Z cnz"
n=0
The first and second derivatives of the series are given by
o0
Y (z) = Z cana™!
n=1
(o]
y'(z) = Z can(n — 1)z 2
n=2

o0
ean(n —1)z" 2 — E cpnz” — E cpz”

n=

T
NgE

||
I\
—
3
Il
=}

T

We want to combine the three sums into one sum and identify the coefficients of each power of z. The last two sums have
similar powers of z. So, we need only re-index the first sum. We let k = n — 2, or n = k + 2. This gives

Z can(n — 1)z 2 = Z crya(k+2)(k+ 1)z
n=2 k=0

Inserting this sum, and setting n = k in the other two sums, we have

o0 o0
can(n —1)z" 2 — E conz” — E cp”

T
NgE

n=2 n=1 n=0
o0 o0 o0
= ZCkJrg(k +2)(k+1)z* — Z crkz® — Z cra®
k=0 k=1 k=0
(4.2.10)
o0
= lerralk+2)(k+ 1) — cxk — ci] 2¥ + €2(2)(1) — e
k=1
o0
= Z(k + 1) [(k + 2)Ck+2 = Ck] l'k + 2¢co — ¢
k=1
Noting that the coefficients of powers z* have to vanish, we have 2¢; — ¢y = 0 and
(k+1) [(k+2)0k+270k] :03 k= 172737"'
or
1
Cy = +Co,
2 . (4.2.11)
= — k=1,2,3,...
Ck+2 k+2 Ck, p &g g
Using this result, we can successively determine the coefficients to as many terms as we need.
1
k=1: C3 = 561.
1 1
k=2: C4=ch=§00.
1 1
E=3: 5= 2esm —cp. 4.2.12
65 = zes= e (42.12)
1 1
k=4: CGZEC4= Eco.
1 1
k=5: = —c5 = ——ci.
TS T 105
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This gives the series solution as

y(z) = Z cpx”

n=0

2 3
=co+ci1x + cox” +c3x” + ...

(4.2.13)
= +cw+lcm2+lcm3+lc:ﬂ4+icm5+icm6+
OTATT QAT T gal T gar T gl T gt T
1 1 1 1
:co<l+5m2+§z4+...>+cl (m+§z3+ﬁz5+...).

We note that the general solution to this second order differential equation has two arbitrary constants. The general solution
is a linear combination of two linearly independent solutions obtained by setting one of the constants equal to one and the
other equal to zero.

Sometimes one can sum the series solution obtained. In this case we note that the series multiplying cq can be rewritten as

@=1+iatplia 142 1(2 a2,
yi(x) = 58 T ge .= =515 =15

This gives the exact solution y; (z) = e*’/2

The second linearly independent solution is not so easy. Since we know one solution, we can use the Method of Reduction of
Order to obtain the second solution. One can verify that the second solution is given by

2 I/\/E 2 2
y2(z) = €” /2/ e tdt = e/ erf (i)
0 V2

where erf(z) is the error function. See Problem 3.

Example 4.2.3

Consider the Legendre equation

(1 — :c2) y' —2xy +L(L+1)y=0
for £ an integer.
We first note that there are singular points for 1 — 22 = 0, or z = +1.

(Legendre’s differential equation.)Therefore, z = 0 is an ordinary point and we can proceed to obtain solutions in the form of
Maclaurin series expansions. Insert the series expansions

00
y(z) = Z cpx”
n=0

Y (z) = chn:cnfl (4.2.14)
n=1

y'(2) =) n(n—1)cz"?
n=2

into the differential equation to obtain
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0=(1—2%)y" —2zy’ +£(t+1)y

o] o0
= (1—x2)Zn(n—1 Yenz™ —Zxch "t Z(E—l—l)chm"
n=2 n=0

(4.2.15)

o0
= E n(n—1 cnz"_2f
n=2

oo
= g n(n—1)c,z™ 2 +
n=2

00 00
n(n —1)ez" — Z 2nepx” + ZE(Z + 1D)eyz”
n=1 n=0

M 0

[l(l+1) —n(n+1)]c,z"

i
o

L

Re-indexing the first sum with £ = n — 2, we have

o0

Zn(n—l "2+§: Ll+1)—n(n+1)]cz"

n=>0

0

)

n=

@ +2xk N — cpz®
O(k+2)(k+ e +;W+ 1) = k(k + 1)]ex (4.2.16)

=2cy + 6cgz + L£(£ + 1)co + (£ + 1)c1z — 212

M

=
Il

+ i (k4 2)(k+ ecppo + L0+ 1) — k(k + 1)]c) «*
k=2

Matching terms, we have
k=0: 2co=—L{+1)co
k=1: 6c3=[2—£(L+1)]cy (4.2.17)
E>2: (kE+2)(k+ 1)cpp = [k(E+1) —L(£ + 1)]ck.

For ¢ = 0, the first equation gives ¢, = 0 and the third equation gives cs,, = 0 for m = 1,2,3, ... This leads to y;(z) = ¢ is a
solution for £ = 0.

Similarly, for £ = 1, the second equation gives c3 = 0 and the third equation gives cg;;,+1 = 0 for m = 1,2,3, .... Thus, y1(z) = c1z
is a solution for £ = 1. In fact, for £ any nonnegative integer the series truncates. For example, if £ = 2, then these equations
reduce to

k=0: 2cy=—6cy
k=1: 6c3=—4c; (4.2.18)
k>2: (k+2)(k+1)cre = [k(k+1) — 2(3)]ck
For k = 2, we have 12¢4 = 0. S0, ¢g = cg = ... = 0. Also, we have ¢, = —3c¢y. This gives
y(z) = co (1 — 33:2) + (cla: + c32® + c52® + crz’ + )

Therefore, there is a polynomial solution of degree 2 . The remaining coefficients are proportional to ¢, yielding the second
linearly independent solution, which is not a polynomial.

For other nonnegative integer values of ¢ > 2, we have

k(k+1) — £ +1)
(k+2)(k+1)

Ck, k>2

Ck+2 =

When k = /4, the right side of the equation vanishes, making the remaining coefficients vanish. Thus, we will be left with a
polynomial of degree ¢. These are the Legendre polynomials, P(z).

This page titled 4.2: Power Series Method is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.
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4.3: Singular Points

The power series method does not always give us the full general solution to a differential equation. Problems can arise when the
differential equation has singular points. The simplest equations having singular points are Cauchy-Euler equations,

azy’ +bxy +cy=0

A few examples are sufficient to demonstrate the types of problems that can occur.

Example 4.3.1

Find the series solutions for the Cauchy-Euler equation,

azy’ +bxy +cy=0
forthe casesi.a=1,b=—4,c=6,ii.a=1,b=2,c= —6,andiii.a=1,b=1,c=6.
Solution

As before, we insert

y(z) = Z d,z", Yy (z) = annan’ y'(z) = Zn(n —1)dpz" 2
n=0 n=1

n=2
into the differential equation to obtain
\[\begin{aligned} ® &=a x*{2} y*{\prime \prime}+b x y*{\prime}+c y \

\[4pt] &=a x {2} \sum_{n=2}*{\infty} n(n-1) d_{n} x*{n-2}+b x \sum_{n=1}*{\infty} n d_{n} x*{n-1}+c \sum_{n=0}*{\infty} d_{n}
xMn}\

\[4pt] &=a \sum_{n=0}*{\infty} n(n-1) d_{n} x*{n}+b \sum_{n=0}*{\infty} n d_{n} x*{n}+c \sum_{n=0}*{\infty} d_{n} x*{n} \
Misplaced &
Here we changed the lower limits on the first sums as n(n — 1) vanishes for n = 0, 1 and the added terms all are zero.
Setting all coefficients to zero, we have
[an2+(b—a)n+c] d,=0, n=0,1,..
Therefore, all of the coefficients vanish, d,, = 0, except at the roots of an? + (b — a)n + c = 0.
In the first case, a = 1,b = —4, and ¢ = 6, we have
0=n?+(—4—1)n+6=n>—5n+6=(n—2)(n—3)
Thus, d,, = 0,n # 2, 3. This leaves two terms in the series, reducing to the polynomial y(z) = dox? + d3z?.
In the second case, a = 1,b = 2, and ¢ = —6, we have
0=n’+2—-1)n—-6=n’4+n—6=(n—2)(n+3)

Thus, d, = 0,n # 2, 3. Since the n’ s are nonnegative, this leaves one term in the solution, y(z) = d2x2. So, we do not have
the most general solution since we are missing a second linearly independent solution. We can use the Method of Reduction
of Order from Section 2.2.1, or we could use what we know about Cauchy-Euler equations, to show that the general solution is
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y(x) = c1o? + cpz™3

Finally, the third case has a = 1,b =1, and ¢ = 6, we have
0=n>4+(1—-1)n+6=n>+6

Since there are no real solutions to this equation, d,, = 0 for all n. Again, we could use what we know about Cauchy-Euler
equations, to show that the general solution is

y(z) = ¢1 cos(V6Inz) 4 ¢y sin(V6 In z)

In the last example, we have seen that the power series method does not always work. The key is to write the differential equation
in the form

y"(z) + p(z)y (z) + q(z)y(z) = 0
We already know that z = 0 is a singular point of the Cauchy-Euler equation. Putting the equation in the latter form, we have
a , b
v+ —y +—Sy=0
x xT

We see that p(z) = a/x and ¢(z) = b/z? are not defined at z = 0. So, we do not expect a convergent power series solution in the
neighborhood of z = 0.

Theorem 4.3.1

The initial value problem
Y’ (z) +p(2)y (z) + q(z)y(z) =0, y(zo) =, Y (z0) =8

has a unique Taylor series solution converging in the interval \(\left|x-x_{®}\right|

Example 4.3.2

Determine if a power series solution exits for zy’” + 2y’ + zy = 0 near z = 0.
Solution

Putting this equation in the form
7 2 ’
Yy + 2 +2y=0

we see that a(x) is not defined at z = 0, so x = 0 is a singular point. Let's see how far we can get towards obtaining a series
solution.

We let
y(@) =X oloca” Y () = ol nea™ T,y (@) = X0l n(n — L)epz™
into the differential equation to obtain
\[ \begin{aligned} 8 &=x y*{\prime \prime}+2 y*{\prime}+x y \
\[4pt] &=x \sum_{n=2}\infty} n(n-1) c_{n} x*n-2}+2 \sum_{n=1}*{\infty} n c_{n} x{n-1}+x \sum_{n=0}*{\infty} c_{n} x*{n} \

\[4pt] &=\sum_{n=2}*{\infty} n(n-1) c_{n} x*{n-1}+\sum_{n=1}*{\infty} 2 n c_{n} x {n-1}+\sum_{n=0}*{\infty} c_{n} x*{n+1} \
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Misplaced &
Here we combined the first two series and pulled out the first term of the second series.
We can re-index the series. In the first series we let k =n — 1 and in the second series we let k = n + 1. This gives
\[ \begin{aligned} ® &=2 c_{1}+\sum_{n=2}*{\infty} n(n+1) c_{n} x{n-1}+\sum_{n=0}{\infty} c_{n} x*{n+1} \
\[4pt] &=2 c_{1}+\sum_{k=1}{\infty}(k+1)(k+2) c_{k+1} x k}+\sum_{k=1}*{\infty} c_{k-1} x{k} \

Misplaced &

Setting coefficients to zero, we have ¢; = 0 and

1
Ck+1 = ) Ck—1, k= 1727

C(k+1)(k+1)
Therefore, we have ¢, = 0 for n = 1,3, 5, .... For the even indices, we have
\[ \begin{array}{ll} k=1: & c_{2}=-\dfrac{1}{3(2)} c_{®}=-\dfrac{c_{O}}{3 I} \
\[4pt] k=3: & c_{4}=-\dfrac{1}{5(4)} c_{2}=\dfrac{c_{O}}{5 !} \
\[4pt] k= & 5:\
\[4pt] k= & c_{6}=-\dfrac{1{7(6)} c_{4}=-\dfrac{c_{O}{7 !} \
Misplaced &
We can see the pattern and write the solution in closed form.
\[ \begin{aligned} y(x) &=\sum_{n=0}*{\infty} c_{n} x*{n} \
\[4pt] &=c_{O}+c_{1} x+c_{2} x*{2}+c_{3} x*{3}+\ldots \
\[4pt] &=c_{ON\left(1-\dfrac{x*{2}}{3 }+\dfrac{x {4I}H5 }-\dfrac{x*{6}}H{7 }+\dfrac{x*{8}}9 !} \cdots\right) \
\[4pt] &=c_{0} \dfrac{1}{xNleft(x-\dfrac{x*{3}H3 1}+\dfrac{x {545 !}-\dfrac{x {737 !}+\dfrac{x*{931}9 !} \cdots\right) \
Misplaced &

We have another case where the power series method does not yield a general solution.

sinz

In the last example we did not find the general solution. However, we did find one solution, y;(z) = . So, we could use the

Method of Reduction to obtain a second linearly independent of Order to obtain the second linearly independent solution. (Use
of the Method of Reduction of Order). This is carried solution. See Section 2.2.1 out in the next example.

Example 4.3.3

S . q q q q
Let y1(z) = % be one solution of zy’” + 2y’ + zy = 0. Find a second linearly independent solution.

Solution
Let y(z) = v(z)y1(x). Inserting this into the differential equation, we have
\[ \begin{aligned} & ®=x y*{\prime \prime}+2 y*{\prime}+x y \

\[4pt] & =x\left(v y_{1N\right)*{\prime \prime}+2\left(v y_{1N\right)*{\prime}+x v y_{1} \
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\[4pt] & =x\left(v {\prime} y_{1}+v y_{1}M\primehright)*{\prime}+2\left(v* {\prime} y_{1}+v y_{1}*\prime}\right)+x v y_{1} \

\[4pt] & =x\left(v*M\prime \prime} y_{1}+2 vA{\prime} y_{1}\prime}+v y_{1}*\prime \primehright)+2\left(v*M{\prime} y_{1}+v
y_{1}*\primeNright)+x v y_{1} \

\[4pt] & =x\left(vA{\prime \prime} y_{1}+2 vA{\prime} y_{1}*{\prime}\right)+2 v {\prime} y_{1}+v\left(x y_{1}*{\prime \prime}+2
y_{1}*\prime}+x y_{1}\right) \

\[4pt] & =x\left[\dfrac{\sin x}{x} v {\prime \prime}+2\left(\dfrac{\cos (x)}{x}-\dfrac{\sin (x)H{x*{2}N\right) vA{\prime}\right]+2
\dfrac{\sin x}{x} vA{\prime} \

Misplaced &

This is a first order separable differential equation for = = v’. Thus,

. dz
sinz— = —2zcosz
dx
Or
d
& _ —2 cot xdx
z

Integrating, we have
In|z| =2In|cscz| + C
Setting C = 0, we have v’ = z = csc? z, or v = — cot . This gives the second solution as

sinx COS X
y(z) = v(z)y1(z) = —cotz — =

This page titled 4.3: Singular Points is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman
via source content that was edited to the style and standards of the LibreTexts platform.

@IOIC]E) 165 (4.3.4)


https://math.libretexts.org/Bookshelves/Differential_Equations/A_First_Course_in_Differential_Equations_for_Scientists_and_Engineers_(Herman)/04%3A_Series_Solutions/4.03%3A_Singular_Points
https://creativecommons.org/licenses/by-nc-sa/3.0/
http://people.uncw.edu/hermanr
http://people.uncw.edu/hermanr/mat361/ODEBook/index.htm

LibreTexts"

4.4: The Frobenius Method

This page titled 4.4: The Frobenius Method is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.

@IOIC]E) 166 (4.4.1)


https://math.libretexts.org/Bookshelves/Differential_Equations/A_First_Course_in_Differential_Equations_for_Scientists_and_Engineers_(Herman)/04%3A_Series_Solutions/4.04%3A_The_Frobenius_Method
https://creativecommons.org/licenses/by-nc-sa/3.0/
http://people.uncw.edu/hermanr
http://people.uncw.edu/hermanr
http://people.uncw.edu/hermanr/mat361/ODEBook/index.htm

LibreTextS“'

4.4.1: Introduction

IT MIGHT BE POSSIBLE TO USE POWER SERIES to obtain solutions to differential equations in terms of series involving

cosT are solutions of the differential

noninteger powers. For example, we found in Example 4.6 that y;(z) = T and yo(z) =
x

equation zy”’ + 2y’ + zy = 0. Series expansions about z = 0 are given by

sinx 1 z3 x® z7
=— ety

T 3! 5! 7!
2 24 6
=ty ot
cosx 1 1 z? n zt z6 n
z oz 2! 4! 6!
B 1 x n z3 z° n
T 20 4 6!

While the first series is a Taylor series, the second one is not due to the presence of the first term, 2~!. We would like to be able
to capture such expansions. So, we seek solutions of the form

oo oo
y(iE) =" chx,n _ chx,nﬁ"
n=0 n=0
for some real number r. This is the basis of the Frobenius Method.
Consider the differential equation,

y"(z) +a(z)y(z) + b(z)y(z) =0

If za(x) and x2b(x) are real analytic, i.e., have convergent Taylor series expansions about z = 0, then we can find a solution of the
form

00
y(x) _ Z c”anrT
n=0

for some constant r. Furthermore, r is determined from the solution of an indicial equation.

Example 4.4.1.1

Show that z = 0 is a regular singular point of the equation
2y + 2B+ )y +(1+z)y=0

If z = 0 is a regular singular point, then we can apply the Frobenius Method.

(o]
n=

and then find a solution in the form y(z) =
Rewriting the equation as
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Rewriting the equation as

’ 3+my//+(1+x)

Y+ 5 y=0
z T
3+
a(z) = .
(1+z)
b(z) =—
T

So, za(z) = 3 +z and z2b(z) = 1 + = are polynomials in x and are therefore real analytic. Thus, = = 0 is a regular singular
point.

Example 4.4.1.2

Solve
2y’ + a3 +z)y +(1+a2)y=0
using the Frobenius Method.

In order to find a solution to the differential equation using the Frobenius Method, we assume y(z) and its derivatives are of
the form

cn(n + 1)zt (4.4.1.1)
Coln +1)(n+r—1)z" 2

Inserting these series into the differential equation, we have

0=2%" +2B8+z)y +(1+2)y=0

o0 o0

=72 Z can+r)(n+r—1z""2 L 23+ 1) Z cn(n 4 )zt
n=0 n=0
[ee]
+(1+2) chm"”

n=0

= Z ep(n+r)(n+r—1)z"" +3 Z en(n+ 1)z

n=0 n=0
) 00 00

45 § cn(n uE r)mn+r+1 + § :CnxTHrr L § Cnxn+r+1
n=0 n=0 n=0

ealln+r)(n+r—1)+3(n+7)+1)z"" + Z Cn[n 4 r + 1]zt

00
n=0 n=0
0o

o]
eul(n+r)(n+7r+2)+1]z"" + Z cn(n + 7+ 1)zt

n=0 n=0

Next, we re-index the last sum using k = n + 1 so that both sums involve the powers zFt7. Therefore, we have

Z cl(k+7)(k+7+2) + 1]z"7 + Z cr1(k+ 7z =0
k=0 k=1

We can combine both sums for & = 1, 2, ... if we set the coefficients in the k = 0 term to zero. Namely,
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co[r(r+2)+1]=0
If we assume that ¢y # 0, then
r(r+2)+1=0
This is the indicial equation. Expanding, we have
0=7r242r4+1=(r+1)>

So, this gives r = —1. Inserting »r = —1 into Equation 4.4.1.5 and combining the remaining sums, we have

Z [kZCk + (k — 1)Ck,1] z¢F1=0

00
k=1

We find the indicial equation from the terms with lowest powers of z. Setting n = 0 at the bottom of the previous page, the

lowest powers are z and the coefficient yields co[r(r + 2) + 1] = 0. The indicial equation is then 7% + 2r + 1 = 0.

Setting the coefficients equal to zero, we have found that

1-k
Ckp = TCkfl, k= 172737...

So, each coefficient is a multiple of the previous one. In fact, for k = 1, we have that
c1=(0)cp=0
Therefore, all of the coefficients are zero except for ¢y. This gives a solution as
)
Yo(z) = -

We had assumed that ¢ # 0. What if ¢o = 07 Then, Equation 4.4.1.5 becomes

[((k+r)(k+7+2) + e + (k+r)ex] 257 =0

M

>
Il

1
Setting the coefficients equal to zero, we have
(k+r)k+r+2)+Deg=—(k+r)ck1, k=1,2,3,..
When k = 1, (the lowest power of )
(A+7)(r+3)+1eg=—1+7r)cg=0
So,c1=0,0r0=(1+7)(r+3)+1=7r2+4r+4=(r+2)% If ¢; # 0 this gives r = —2 and

k—2
((16771))2616_1’ k:273747...

Cp = —
Then, we have ¢ = 0 and all other coefficient vanish, leaving the solution as

_ 12 _ 4G
y(z) = 1z .

We only found one solution. We need a second linearly independent solution in order to find the general solution to the
differential equation. This can be found using the Method of Reduction of

Method of Reduction of Order. Order from Section 2.2.1 For completeness we will seek a solution ys(z) = v(x)y:1(z), where
yi(z) = z~L Then,
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0 =z’yy +z(3+ z)ys + (14 z)y2
=z (1) + 23 + ) (vy1)” + (1 + z)oy
=[z%y] + 2B+ z)y; + (L+2)y1] v

+ [2%0" + 2(3 + 2)v] y1 + 22%0"y]
., L (4.4.1.2)

=[z*v" 4+ 3+m)v]y1+2m vy

[z2v/'+z3+az ]a: =&
=zv” + (3 +x)v — 20
=zv”’ + (1 +z)v’

Letting z = v/, the last equation can be written as
d
xﬁ +(1+2z)z=0

This is a separable first order equation. Separating variables and integrating, we have

d 1
_z:_/ +xdx
z @

or
In|z| =—Injz|—z+C

Exponentiating,

Further integration yields

Thus,

Note that the integral does not have a simple antiderivative and defines the exponential function

00 e—t o) (_1)2:L.n

where v = 0.5772 ... is the Euler-Mascheroni constant.

Thus, we have found the general solution

C1 Co
=_142F
ylz) = — + —Ei(z)

Another example is that of Bessel's equation. This is a famous equation which occurs in the solution of problems involving
cylindrical symmetry. We discuss the solutions more generally in Section 4.6. Here we apply the Frobenius method to obtain the
series solution.
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Example 4.4.1.3

Solve Bessel's equation using the Frobenius method,

2y +ay + (2 —v*)y=0

We first note that z = 0 is a regular singular point. (Bessel's equation). We assume y(z) and its derivatives are of the form
oo
y(x) _ chanrr
n=0

oo
=> en(n+r)amr! (4.4.1.3)
n=0
oo
Z (n+r)(n+r—1)z""?
n=0
Inserting these series into the differential equation, we have

0=m2y’+xy'+(m2fv2)y

o] o]
=z ch(n +r)n+r—1)z"" 2 4o Z cn(n 4+ r)z" =t
n=0 n=0

(]2
$
8
2
3

+a =)

n=0

oo
cn(n+1r)(n+r— 1)z + cn(n 4+ 7)™t
A+ 1) ERED IR i

I
NgE

i
(=]

T2 Zv enit

3
1l

3
M 1 g

o0
[(R+7r)(n+7r—1)+ (n+7)— 0] cpz™" + Z cnx™ T2
—=

00
[(TL + ’I")2 . ’112] cnxn+r + Z cnxn+r+2

n=0

i
<)

n

We re-index the last sum with k = n + 2, or n = k — 2, to obtain

0= k + r 2 e+ cpg) T
; ] ) (4.4.1.5)

+ (r* —v*) coz” + [(1+7)* — 0] 12"
We again obtain the indicial equation from the k = 0 terms, 2 — v? = 0. The solutions are r = +uv.
We consider the case r = v. The k = 1 terms give

0=[1+7)? =]
=[1+v)? =]
= [1+ 2v]ey

. . 1
For 1 + 2v # 0,¢; = 0. [In the next section we consider the case v = —5.]

For k= 2,3, ..., we have

[(k +0)? — 112] ck+cro=0
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Or

Ck—2

%= Tk + 20)

Noting that ¢, = 0,k =1, 3, 5, ..., we evaluate a few of the nonzero coefficients:

k=2: cy3=— ! cp=— ! c
T P T 220 YT A+
k=4: c4=— ! cy=— ! cy = L c
T T T aar20) T 8w+2) 0 2w+ 2w+l
1 1
k=6: =— =—
CTTB6+r20) T 120+3) "

1
T TR w+3) 0 )t

Continuing long enough, we see a pattern emerge,

_ =%
22l (v + 1) (v+2) - (v+mn)’

Con = 1,2,...

The solution is given by

~ 0 (=)™ 2n+v
y(z) = co ;} 22! (v + 1) (v 4 2) - (v +n)

As we will see later, picking the right value of ¢, this gives the Bessel function of the first kind of order v provided v is not a
negative integer.

The case r = —v is similar. The k = 1 terms give

q . 1
For 1 —2v # 0,¢; = 0. [In the next section we consider the case v = 7 ] For k= 2,3, ..., we have

[(k—v)?— v ck+cpa=0
Or

Ck—2

*= 20—k

Noting that ¢, = 0,k =1, 3,5, ..., we evaluate a few of the nonzero coefficients:

1 1
k=2: = =
2T 20— T dw_1
k=4: c¢y= ! cy = L cy = L c
T M T 20— 7 B(w—2) " 22)v—-2)w—1)
1 1
k=6: -
O %= ga—6“" 203"
1

T X6 0—3) v—2—1) "

Continuing long enough, we see a pattern emerge,
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_ 1
T 22pl(v—1)(v—2) - (v—mn)’

Cop n=12 ..

The solution is given by

1

o) = @ = 2n+v
y(@) On; 221 (v— 1) (v — 2) (v —n)

provided v is not a positive integer. The example v = 1 is investigated in the next section.

This page titled 4.4.1: Introduction is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman
via source content that was edited to the style and standards of the LibreTexts platform.
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4.4.2: Roots of Indicial Equation

IN THIS SECTION WE WILL CONSIDER the types of solutions one can obtain of the differential equation,
y" (@) +a(z)y’(z) + b(z)y(z) =0

when z =0 is a regular singular point. In this case, we assume that za(z) and z2b(z) have the convergent Maclaurin series
expansions

za(z) = ag+ a1z + sz’ + ...

(4.4.2.1)
z2b(z) = by + b1 + boz? + ...
Using the Frobenius Method, we assume y(z) and its derivatives are of the form
[o°]
y(@) = ™
n=>0
00
y'(z) =) enln+r)z"! (4.4.2.2)
n=>0

y'(z) = Z cn(n+r)(n+r— 1)xn+r72

n=>0

Inserting these series into the differential equation, we obtain

i ca [(n+r)(n+r—1)+ (n+r)za(z) + 2°b(z)] 22 =0

n=0

Using the expansions for za(x) and z2b(z), we note that the lowest power of z is n +r — 2 when n = 0. The coefficient for the n
= 0 term must vanish:

colr(r—1)+aor+b] =0
Assuming that ¢, # 0, we have the indicial equation
T'(T' — 1) + aopr + b() =0

The roots of the indicial equation determine the type of behavior of the solution. This amounts to considering three different
cases. Let the roots of the equation be r; and r,. Then,

i. Distinct roots with r; — ry # integer.

In this case we have two linearly independent solutions,

00
yl(x) = ‘Z.|T1 ZC".TTL, Co = 1

n=0

o0
ya(e) = |2 D _dna”, dp =1
n=0

ii. Equal roots: r1 =7y = 1.

The form for y;(x) is the same, but one needs to use the Method of Reduction of Order to seek the second linearly independent
solution.
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00

yi(e) = [a" Y eaa”, o =1

n=0

oo
z) = la|"Y dpz" +yi(x)Infz|, do=1
n=0

iii. Distinct roots with r; — r, = positive integer.

Just as in the last case, one needs to find a second linearly independent solution.

00
= |z|™ chx , c=1

n=0

00
y2($) = |x|r; Zdnxn + ayl(x.) In |$‘, dO =1
n=0

The constant o can be subsequently determined and in some cases might vanish.

For solutions near regular singular points, z =z, one has a similar set of cases but for expansions of the form y;(z)

= |o —xo|" X0Zg en (z — 30)"
Example 4.4.2.1
2 77 1

z2y" +xy’ + (z —Z)y:O.

In this example z = 0 is a singular point. We have a(z) = 1/z and b(z) = (z? — 1/4) /2. Thus,

za(z) =1
1
2 2
b(z) = 22 — =
z°b(z) ==z 1
1 N .
So0,a9=1and by = -1 The indicial equation becomes

1
) 4r——=0
r(r—1)+r A

TP 1 1
Simplifying, we have 0 = r2 — T orr= 15.

Forr = +5, we insert the series y(z) = \/EEZ":O cp,z™ into the differential equation, collect like terms by re-indexing, and find

= [i n(n+ Deyz™ + i cn:t"+2:| T (4.4.2.3)

n=0 n=0

3

e _2

E(k + 1)cra® + Z Ckgxk:| z 2
k=0 n=2

Il
W

3
—201x+2 (k+1)cg + cp— 2]:572
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This gives ¢; = 0 and

1
— _ k>2
Ck k?(k+ 1) Ck—2,
Iterating, we have ¢, = 0 for k£ odd and
1
k=2: Cy = 7500.
1 1
k:4 Cy _%CQ = aCO.
1 1
k=6 Ce 564 = ﬁCO.
This gives
o0
y(x) = \/Echw"
n=0
=z (¢ ic 22+ =cozt —
- 0 Y 0 51 0
*i(z—ix3+—5 )zisinz
NI 3! 5! NI
.. 1 . . dy . .
Similarly, for for r = —5 one obtains the second solution, ys(z) = —=cosz. Setting ¢ +0 =1 and dy, = 1, give the two

linearly independent solutions. This differential equation is the Bessel equation of order one half and the solutions are Bessel

2
Jl(x)zwasinx,x>0

functions of order one half:

2
2
J 1 ()= \/Ecosx,z>0
2

Example 4.4.2.2

2%y + 3zy’ + (1 — 2z)y = 0,z > 0 For this problem za(z) = 3 and x2b(z) = 1 — 2z. Thus, the indicial equation is

O=r(r—1)+3r+1=(r+1)°
This is a case with two equal roots, r = —1. A solution of the form

00
y(z) _ chmn-%—r
n=0

will only result in one solution. We will use this solution form to arrive at a second linearly independent solution.

We will not insert » = —1 into the solution form yet. Writing the differential equation in operator form, L[y] = 0, we have
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Lly] =z*y" + 32y’ + (1 —2z)y

o0 00
=z Z ca(n+r)(n+r—1)z""% 4 32 Z cn(n 4 r)z" 1
n=0 n=0

o]
+(1—2x) Z cpzt"
n=0

[(n+7)(n+7—1) +2(n+ 1) + Lepa™ = D 2™

n=0

RN

o0
(TL 4+ 1)20n$n+r _ Z chilanrr
n=1

Il
o

(s

Setting the coefficients of like terms equal to zero for n > 1, we have

2
B — >1.
Cn (n+r+1)2an 1, n =
Iterating, we find
2"
Cp = cp, n=>1
S R R GRSV
Setting ¢y = 1, we have the expression
o0 271
y(ac,r) — LI)T 4L n+r

< Tr+2)(r+3) (r+n+ D]

n
This is not a solution of the differential equation because we did not use the root r = —1. Instead, we have
Lly(z,c)] = (r+1)%"

from the n = 0 term. If »r = —1, then y(z, —1) is one solution of the differential equation. Namely,

yi(z) =zt + Z en(—1)z" !
n=1

Now consider what happens if we differentiate Equation 4.4.2.4 with respect to r :

o L)) = | 20|

=2r+1)z"+ (r+1)%"Inz, >0

0 . . . . .
Therefore, @ is also a solution to the differential equation when r = —1.
T

Since

o0
y(z,r) =z" + Z cp(r)z™t"

n=1

we have

a , o0 o0
7315;7‘ n_ z"lnz + Z en(r)z™ Inz + Z ch(r)z™tr
e e (4.4.2.4)

=y(x,r)Inz + Z e (ryz™tr
n=1

Therefore, the second solution is given by
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oy(zx,r
ya(z) = %
r=—1

=y(x,—1)lnz + Z el (=1)z" !
n=1

In order to determine the solutions, we need to evaluate ¢,(—1) and ¢, (—1). Recall that (setting ¢y = 1)

2n
cp(r) = , n>1
(r) [(r+2)(r+3)(r+n+1)2
Therefore,
27L
en(-l)=————, n>1
1)(2) -+ (n)]?
[(1)(2) - (n)] (4425)
p— 2n
()2
Next we compute ¢, (—1). This can be done using logarithmic differentiation. We consider
27l
Inc,(r) =In
(r) ([(r+2)(r+3)---(r+n+1)]2)
=In2"—2In(r+2) —2In(r+3)--—2In(r+n+1)
Differentiating with respect to r and evaluating at r = —1, we have
e (r) o ( 1 . 1 n +L>
en(r) r+2  r+2 r+3
1 1 1
e (r) = —2c,(r) (— +—++ —) :
2 3 1
r—;— 17"+ 1 r+n+ (4.4.2.6)
¢ (—1) = —2¢p(—1) (— bt —)
1 2
2n+1
NGO
where we have defined
1 1 L1
Hy=T+5+-+—=) +
k=1
This gives the second solution as
0 2n+1 I
y2(z) = y1(z) Inz — ; n)? Hnz

Example 4.4.2.3

22y +zy + (22— 1)y=0.

This equation is similar to the last example, but it is the Bessel equation of order one. The indicial equation is given by
O=r(r—1)4r—1=7r>—1

The roots are r; = 1,7, = —1. In this case the roots differ by an integer, r; — r, = 2.

The first solution can be obtained using
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cp(n+1)z" (4.4.2.7)

Inserting these series into the differential equation, we have

0=z +zy + (22— 1)y

o0 00
= z2 chn(n +1)z" 4z Z cp(n+1)z"
n=0 n=0

o
+ (cc2 — 1) Z cpz!
n=0

o0
ean(n + Dz + en(n + 1z
an(n+ 1) ; n(n+1) (44258)

I
NgE

3
I
o

00 00
§ :cnxn+3 _ § :cnxn+1
n=0 n=>0

00
[n(n+1)+ (n+1) — 1c,z™ + Z Cnz™3

n=0

M 10

oo
[(n + 1)2 _ 1] cnxn+1 + chwn+3
n=0

Il
o

(s

We re-index the last sum with k = n + 2, or n = k — 2, to obtain

([(k+1)*—1] ek + cr2) ¥ 4 3¢122 =0
=2

Thus, ¢; = 0 and

1 1

S P S T )

Cro, k>2

Since ¢; = 0, all ¢;’s vanish for odd k. For k = 2n, we have

1 1
- _ R S—— > 1.
Con 2n(2n + 2) Con—2 dn(n+ 1) Co(n-1), M=
n=1: c ! @
= . 9 = — 0
4(1)(2)
n= 2: cy=— L cy = 1 c
- RV TOTE ) RERVEDTE TRt
3 1 1
n=o:. Cg—=— Cqy = Co.
ST B @) T B3
Continuing, this gives
_ =D
o = 47pl(n + 1)! 0

and the first solution is
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y (.’L‘) =@ io: (71)” fl)2n+1
! Onzo 47nl(n + 1)!

Now we look for a second linearly independent solution of the form

00
z) = Zdnxnfl +ayi(z)lnz, >0
n=0

The function and its derivatives are given by

—> dya" ! + ayi(z)lnw

n=0

¥h(@) =3 (1 — Do + a [y} (@) Ina + y1 (@)o]
n=0

¥ (@) =3 (0 — Dol — 22"
n=0

+a [y{’(x) Inz + 2y (z)z™" — yl(x)xﬁ]
Inserting these series into the differential equation, we have
0 xzy; + :Eyg + (:c2 — 1) Y2
00
=g Z(n —1)(n—2)d,z"3
n=0
2 7 ’ —1 _9
+ ax [y1 (r)Inz + 2y (z)z —y1(z)z ]

+zx Z(n —1)d,z" 7 + az [y (z) Inz + yi(z)z 7]
n=>0

+ (w2 — 1) i d,z" ' + ayi(z)Inz
n=0
[(n—1)(n—2)+n—1)—1]d, 2" + i dpz™
n=0
a [y (z) + zy;(2) + (¢* — 1) ()] Inz
o 2zy)(z) — y1(2)] + oy (2)

[o 0]
n(n — 2)d,z™ ' + Z dnz™ + 2azy) ()

I
M i T F I

n=0
> "(2n +1)
_ n—1 n+1 2n+1
2 n(n —2)d,z" " + ngzo dpz™ + 20 E 4n e+ D — 7

We now try to combine like powers of z. First, we combine the terms involving d;, s

"(2n+1) 22+l
fd1+d0m+2[k k— 2)di + dy_o) = 20 Z - nt
= 4 n'(n—l—l

Since there are no even powers on the right-hand side of the equation, we find d; = 0, and k(k — 2)dy + dy—2 =0,k >3 and k
odd. Therefore, all odd d;. 's vanish.

Next, we set k — 1 = 2n + 1, or k = 2n + 2, in the remaining terms, obtaining

= "2n+1
doz + Z [(2n + 2)(2n)d2ns2 + d2,] 22" = —2az — 20 Z 4n oD 'n') z2ntl

n=1
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(2n 4 2)(2n)donsa + don = (—1)"(2n+1)

Choosing 4d, = 1, the coefficients take an interesting form. Namely,

3 1
I+ =14+=+1
+to=1+5+
3 5 11 1
1+5+€—1+§§+1+5
RN RIS W VIR SIS I P
2 6 12 23 4 2 3
Defining the partial sums of the harmonic series,
21
H,=S —, Hy=0
=k

these coefficients become H, + H,_; and the coefficients in the expansion are

(=1)"! (Hp + Hn-1)

dop = )
? 4npl(n —1)!

n=12 ..

We can verify this by computing di :
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1 . . . .
Thus, dy = —2a. We choose a = —3 making dy = 1. The remaining terms satisfy the relation

- >
4rnl(n + 1)’ "=

or
dnt2 = 3o ﬁ)(n) Tt iigﬁiﬂ I
de=- 4(2§(1) = (2)(1)3422!1!
- —ﬁ <4d2 + %)
do =~ 4(3%(2) Ga (3)(2)5433!2!
@ "z (4+3)* G
- 3 (4 5+ 5)
ds == 4(4;(3) ds — (4)(3)7444!3!
- (4@%%)—@
— o (1 3+ 2 )

(4.4.2.9)
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9
dyg = ds
0T Ta(9)(3) (5)(4)455'4'
1 3 7 9
= 4d —
455141 ( 2ty + + 12) * By

_ 1 (4 PR l n i)

T 455141 2 6 20

_ ! (1+1+ +1+1+1+1+1+1)

~ 455141 2 4 5 2 3 4

This gives the second solution as

n 1(H + H,_ 1) 1
_ = 1 -1
4"n' =T z?n 2y1(:c) ne+x

Mg

This page titled 4.4.2: Roots of Indicial Equation is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by
Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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4.5: Legendre Polynomials

Legendre Polynomials are one of a set of classical orthogonal polynomials. These polynomials satisfy a second-order linear
differential equation. This differential equation occurs naturally in the solution of initial boundary value problems in three
dimensions which possess some spherical symmetry. Legendre polynomials, or Legendre functions of the first kind, are solutions
of the differential equation

1 Adrien-Marie Legendre (1752-1833) was a French mathematician who made many contributions to analysis and algebra.
(1-2%)y” —2zy +n(n+1)y=0

In Example 4.4 we found that for n an integer, there are polynomial solutions. The first of these are given by Py(z) = ¢y, Pi(z)
= c1z, and Py(x) = c2(1 — 3z2). As the Legendre equation is a linear second-order differential equation, we expect two linearly
independent solutions. The second solution, called the Legendre function of the second kind, is given by @, (z) and is not well
behaved at x = +1. For example,

1. 14z

Qo(z) = FnT—

. We will mostly focus on the Legendre polynomials and some of their properties in this section.
A generalization of the Legendre equation is given by \((1 — x*2 Jy" — 2xy' + [n(n + 1) — \dfrac{m”2 {1-x*2}] y = 0. \nonumber \]

Solutions to this equation, P"(x) and Q7'(z), are called the associated Legendre functions of the first and second kind.

4.5.1: Properties of Legendre Polynomials

LEGENDRE POLYNOMIALS BELONG TO THE CLASS Of classical orthogonal polynomials. Members of this class satisfy similar
properties. First, we have the Rodrigues Formula for Legendre polynomials:

1 dr

= 9nnl dzn

P,(z)

(a:Z—l)", n € Ny

(The Rodrigues Formula). From the Rodrigues formula, one can show that P,(x) is an nth degree polynomial. Also, for n odd, the
polynomial is an odd function and for n even, the polynomial is an even function.

Example 4.5.1

Determine P,(z) from the Rodrigues Formula:
1 4, 2
Po(e) = omgr gz (" = 1)
1 d? 4 9
1d
=_—— (42° — 4 (4.5.1)
8 dx ( v x)
1 2
=g (1227 —4)
1 2
Note that we get the same result as we found in the last section using orthogonalization.
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Table 4.5.1: Tabular computation of the Legendre polynomials using the Rodrigues Formula.

1
1
2

2 zt—222 +1 1222 — 4 l = (312 _ 1)
8 2

3 20 — 3zt +322 -1 12023 — 72z 4_18 é (52% — 3z)

The Three-Term Recursion Formula. The first several Legendre polynomials are given in Table 4.5.1. In Figure 4.5.1 we show plots
of these Legendre polynomials.

The classical orthogonal polynomials also satisfy a three-term recursion formula (or, recurrence relation or formula). In the case
of the Legendre polynomials, we have

(n+1)Py1(z) = 2n+ 1)zP,(z) —nPy(z), n=1,2, ..
This can also be rewritten by replacing n withn — 1 as

(2n—1)zP,_1(z) =nPy(z) + (n—1)P,o(z), n=1,2 ..

Example 4.5.2

Use the recursion formula to find P»(z) and Ps(z), given that Py(z) = 1 and P;(z) = z.

We first begin by inserting n = 1 into Equation 4.5.3:

2Py(z) = 3zPi(z) — Py(z) = 322 — 1.

; —14

Figure 4.5.1: Plots of the Legendre polynomials P»(z), P3(z), Py(z), and Ps(z).

So, Py(z) = % (322 —1)

For n = 2, we have
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3P;(z) = bz Pa(z) — 2P (x)

= gw (33:2 = 1) — 2z (4.5.2)
= % (152° — 9z)

G ok 1 : g q
This gives P3(z) = 3 (523 — 3z). These expressions agree with the earlier results.

4.5.2: The Generating Function for Legendre Polynomials

A PROOF OF THE THREE-TERM RECURSION FORMULA can be obtained from the generating function of the Legendre
polynomials. Many special functions have such generating functions. In this case, it is given by

1 o
————— = P, el <l <1
Vi—2zt+t2 =

g(xv t) =

This generating function occurs often in applications. In particular, it arises in potential theory, such as electromagnetic or
_— - - - 1 -
gravitational potentials. These potential functions are — type functions.
T

r
1

Figure 4.5.2: The position vectors used to describe the tidal force on the Earth due to the moon.

For example, the gravitational potential between the Earth and the moon is proportional to the reciprocal of the magnitude of
the difference between their positions relative to some coordinate system. An even better example would be to place the origin
at the center of the Earth and consider the forces on the non-pointlike Earth due to the moon. Consider a piece of the Earth at
position r; and the moon at position r, as shown in Figure 4.5.2. The tidal potential ® is proportional to

1 1 1

o< =
[r2 — 11 V(2 —r1) - (ra —r1) \/r% —2rirycosd + 1

where 6 is the angle between r; and rs.

Typically, one of the position vectors is much larger than the other. Let’s assume that r; <« r2. Then, one can write

1 1 1
d x =—

\/rf—2r1r2cos6’+r§ " \/1_2£COSQ+(T_1)2

T2 T2

Now, define z = cosf and ¢t = "L We then have that the tidal potential is proportional to the generating function for the Legendre
T2
polynomials! So, we can write the tidal potential as
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P x 7"_12 ;Pn(cos 0) (:—;)n

The first term in the expansion, —, is the gravitational potential that gives the usual force between the Earth and the moon.
T2

o . . .. GM
[Recall that the gravitational potential for mass m at distance r from M is given by & = — m

and that the force is the gradient

. 1 o . . .
of the potential, F = —-V® « V (—) } The next terms will give expressions for the tidal effects.
T

Now that we have some idea as to where this generating function might have originated, we can proceed to use it. First of all, the
generating function can be used to obtain special values of the Legendre polynomials.

Example 4.5.3

Evaluate P, (0) using the generating function. P,(0) is found by considering g(0, t). Setting z = 0 in Equation 4.5.6, we have

1
9(0,t) = —
1+¢

i Py (0)" (4.5.3)

=0

3

Py(0) + Py (0)t + Py(0)t? + P3(0)t3 + ...
We can use the binomial expansion to find the final answer. Namely, and

1 1, 3
—— =12 =ttt
1+¢2 2 8

Comparing these expansions, we have the P,(0) = 0 for n odd and for even integers one can show that !

(2n— 1!

Py, (0) = (—1)"W

where n!! is the double factorial,

1 available at the end of this section.

Example 4.5.4

Evaluate P,(—1). This is a simpler problem. In this case we have

1 1

= Sl=0LF=FL%.
Vifot+e2 1+t

g(flvt) =

Therefore, P,(—1) = (—1)™.

Example 4.5.5

Prove the three-term recursion formula,

(k + 1)Pk+1(1’) — (2]{7+ l)ﬁpk(il?) + ]CPkfl(l') = 07 k= 1, 2,
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using the generating function.

We can also use the generating function to find recurrence relations. To prove the three term recursion Equation 4.5.3 that we
introduced above, then we need only differentiate the generating function with respect to ¢ in Equation 4.5.6 and rearrange
the result. First note that

dg x—t z—t

ot (1 — 22t + 12)*/? T 1-_oxt+e2?

(z,1)
Combining this with

ZnP,L ) L

we have

(z —t)g(z,t) = (1 — 2zt + ¢*) i nP,(x)t" !
n=>0

Inserting the series expression for g(z,t) and distributing the sum on the right side, we obtain

00

(z—1) Z P,(x)t" = Z nP,(z)t" ! — Z 2nz P, (z)t" + Z nP,(z)t"!
n=0 n=0 n=0

n=0

Multiplying out the z — ¢ factor and rearranging, leads to three separate sums:

i nP(z)t" " — i(Qn + Dz Py (2)t" + i(n +1)P,(z)t" =0
n=0

n=0 n=0
Each term contains powers of ¢ that we would like to combine into a single sum. This is done by re-indexing. For the first

sum, we could use the new index kK = n — 1. Then, the first sum can be written

00 o0

Z:nPn(z)t”_1 = Z (k + 1) Ppyq (2)t*

n=0 k=—1

Using different indices is just another way of writing out the terms. Note that

Z nP,(z)t" ! = 0+ Py(x) + 2Py (x)t + 3Ps(2)t? +

n=0

and

k=—1

actually give the same sum. The indices are sometimes referred to as dummy indices because they do not show up in the
expanded expression and can be replaced with another letter.

If we want to do so, we could now replace all the k¥’ s with n” s. However, we will leave the &’ s in the first term and now
re-index the next sums in Equation 4.5.9. The second sum just needs the replacement n = k and the last sum we re-index
using k = n + 1. Therefore, Equation 4.5.9 becomes

> (k+ 1P ()t* =Y 2k + D)zPi()th + ) kP ()t* =0
k=—1 k=0 k=1

We can now combine all the terms, noting the k = —1 term is automatically zero and the k = 0 terms give

Pi(z) —zPy(z) =0
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Of course, we know this already. So, that leaves the k > 0 terms:
> [k +1)Pra (@) — (2k + D)aPi(z) + kP ()] tF =0
k=1

Since this is true for all ¢, the coefficients of the t*” s are zero, or

(k+1) Py (z) — (2k + 1)aP(z) + kPyy(z) =0, k=12, ..

While this is the standard form for the three-term recurrence relation, the earlier form is obtained by setting k =n — 1.

There are other recursion relations that we list in the box below. Equation 4.5.13 was derived using the generating function.
Differentiating it with respect to z, we find Equation 4.5.14 Equation 4.5.15 can be proven using the generating function by
differentiating g(z, t) with respect to x and rearranging the resulting infinite series just as in this last manipulation. This will be
left as Problem 9. Combining this result with Equation (4.63), we can derive Equation 4.5.16 and Equation 4.5.17. Adding and
subtracting these equations yields Equation 4.5.18 and Equation 4.5.19.

Recursion Formulae for Legendre Polynomials forn =1,2, ...
(n+1)Pyy1(z) = 2n+ 1)z P, (z) — nPy_1(x)
(n+ 1P, (2) = (2n+1) [Py(2) + 2P, (2)] —nP, ()
Pu(z) = Py (z) = 22P,(z) + Py (2)
Py (z) = 2P (z) — nPy(z)
ni1(2) = zP(2) + (n+ 1) P(z)
Py 1(z) + Py () = 22P,(7) + Pa(2)
Pyi(z) = Py (x) = (20 4 1) Py (x)
(z° —1) P}(z) = nzP,(z) — nP, 1(z)
Finally, Equation 4.5.20 can be obtained using Equation 4.5.16 and Equation 4.5.17. Just multiply Equation 4.5.16 by =z,
2?P(z) — neP,(z) = zP]_,(z)
Now use Equation 4.5.17\), but first replace n with n — 1 to eliminate the zP,_,(z) term:
22P(z) — nzP,(z) = P/(x) — nP,_1(z)

Rearranging gives the Equation 4.5.20.

Example 4.5.6

Use the generating function to prove

2
2n +1

1
B2 = / Pia)da

Another use of the generating function is to obtain the normalization constant. This can be done by first squaring the
generating function in order to get the products P, (z)P,,(z), and then integrating over z.

(The normalization constant). Squaring the generating function must be done with care, as we need to make proper use of
the dummy summation index. So, we first write
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5 ror]

m T &

(4.5.4)
=YY P@Pul@)t™™.
n=0 m=0
Legendre polynomials, we have
1 dz .
/ 1ozt +e2 z; Zot / (%) Py (2)d

=, (4.5.5)

_ Zth/ P (Z
The integral on the left can be evaluated by first noting

dx 1
— =1 b .
/a-i—bm bn(a—l— D)

Then, we have
/1 dz 1 (1+t>
e
S 1—2xt+t2 1—t
3

Expanding this expression about t = 0, we obtain 2

2 available at the end of this section.

1 1 = 2

Z“In (i) — Z _ 2 4

t \1-t) <2n+1
Comparing this result with Equation 4.5.22, we find that

2
2n +1

1
1B = / Pia)da

Finally, we can use the properties of the Legendre polynomials to obtain the Legendre differential equation. We begin by
differentiating Equation 4.5.20 and using Equation 4.5.16 to simplify:

2 ((&? ~1) P}(x)) = nPo(z) + naP}(a) — Pl (2)

= nP,(z) + n?P,(z) (545

=n(n+ 1)P,(z)

Answers

Example 4.5.3
This example can be finished by first proving that

(2n)!! = 2"n!
and
n)! n)!
2n -1 = ((271))!! <22"n)’

Example 4.5.6
You will need the series expansion

Extra close brace or missing open brace
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4.6: Bessel Functions

BESSEL FUNCTIONS ARISE IN MANY PROBLEMS in physics possessing cylindrical symmetry, such as the vibrations of circular
drumheads and the radial modes in optical fibers. They also provide us with another orthogonal set of basis functions.

Bessel functions have a long history and were named after Friedrich Wilhelm Bessel ( 1784 — 1846 )

The first occurrence of Bessel functions (zeroth order) was in the work of Daniel Bernoulli on heavy chains (1738). More general
Bessel functions. were studied by Leonhard Euler in 1781 and in his study of the vibrating membrane in 1764. Joseph Fourier found
them in the study of heat conduction in solid cylinders and Siméon Poisson (1781-1840) in heat conduction of spheres ( 1823 ).

The history of Bessel functions, did not just originate in the study of the wave and heat equations. These solutions originally came
up in the study of the Kepler problem, describing planetary motion. According to G.N. Watson in his Treatise on Bessel Functions,
the formulation and solution of Kepler's Problem was discovered by Joseph-Louis Lagrange (1736-1813), in 1770. Namely, the
problem was to express the radial coordinate and what is called the eccentric anomaly, F, as functions of time. Lagrange found
expressions for the coefficients in the expansions of » and E in trigonometric functions of time. However, he only computed the
first few coefficients. In 1816, Friedrich Wilhelm Bessel (1784 — 1846) had shown that the coefficients in the expansion for r could
be given an integral representation. In 1824 , he presented a thorough study of these functions, which are now called Bessel
functions.

You might have seen Bessel functions in a course on differential equations as solutions of the differential equation
ny// +£L'y/ + (:1}2 7p2)y: 0

Solutions to this equation are obtained in the form of series expansions.

Namely, one seeks solutions of the form
0 .
y(z) =) aja™"
J=0

by determining the form the coefficients must take. We will leave this for a homework exercise and simply report the results.

One solution of the differential equation is the Bessel function of the first kind of order p, given as

y(@) = Jy(z) = i (=" (%>2n+p

g T(n+1)I'(n+p+1)

Here T'(z) s the Gamma function, satisfying I'(z 4+ 1) = «T'(x). It is a generalization of the factorial and is discussed in the next
section.
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Figure 4.6.1: Plots of the Bessel functions Jy(z), J1(z), J2(z), and J3(z).

In Figure 4.3, we display the first few Bessel functions of the first kind of integer order. Note that these functions can be described
as decaying oscillatory functions.

A second linearly independent solution is obtained for p not an integer as J_,(z). However, for p an integer, the I'(n + p + 1) factor
leads to evaluations of the Gamma function at zero, or negative integers, when p is negative. Thus, the above series is not defined
in these cases. Another method for obtaining a second linearly independent solution is through a linear combination of J,(z) and
J_p(z) as

cos mpJy(z) — J_p(x)

Ny (@) = Yy(z) = e

These functions are called the Neumann functions, or Bessel functions of the second kind of order p.

0.8

Figure 4.6.2: Plots of the Neumann functions Ny(z), N1(x), No(z), and Ns(z).

In Figure 4.4, we display the first few Bessel functions of the second kind of integer order. Note that these functions are also
decaying oscillatory functions. However, they are singular at z = 0.

In many applications, one desires bounded solutions at z = 0. These functions do not satisfy this boundary condition. For example,
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one standard problem is to describe the oscillations of a circular drumhead. For this problem one solves the two dimensional
wave equation using separation of variables in cylindrical coordinates. The radial equation leads to a Bessel equation. The Bessel
function solutions describe the radial part of the solution and one does not expect a singular solution at the center of the drum.
The amplitude of the oscillation must remain finite. Thus, only Bessel functions of the first kind can be used.

Bessel functions satisfy a variety of properties, which we will only list at this time for Bessel functions of the first kind. The reader
will have the opportunity to prove these for homework.

Derivative Identities. These identities follow directly from the manipulation of the series solution.

d p — P
= @y (@)] = 2Ty 1 (@)

d . _ _
= [ P@)] =~ P (@)
Recursion Formulae. The next identities follow from adding, or subtracting, the derivative identities.
2p
Tp-1(2) + Jpia(2) = —Jp(2)
Tp-1(x) = Jpia(z) = 2J; ()

Orthogonality. One can recast the Bessel equation into an eigenvalue problem whose solutions form an orthogonal basis of
functions on L2(0, a). Using Sturm-Liouville Theory, one can show that

/0‘1 xJp (jpn%) Jp (jpm%) dr = %Z[Jp-%—l (jpn)]2 Onm

where j,, is the nth root of J,(z), J, (jm) = 0,n =1,2,... A list of some of these roots is provided in Table 4.6.1.

Table 4.6.1: The zeros of Bessel Functions, J, (jmn) = 0.

1 2.405 3.832 5.136 6.380 7.588 8.771
2 5.520 7.016 8.417 9.761 11.065 12.339
3 8.654 10.173 11.620 13.015 14.373 15.700
4 11.792 13.324 14.796 16.223 17.616 18.980
5 14.931 16.471 17.960 19.409 20.827 22.218
6 18.071 19.616 21.117 22.583 24.019 25.430
7 21.212 22.760 24.270 25.748 27.199 28.627
8 24.352 25.904 27.421 28.908 30.371 31.812
9 27.493 29.047 30.569 32.065 33.537 34.989

Generating Function.

z(tfl)ﬂ 00
e t = Z Jn(x)t", = >0,t#0

n=—oo

Integral Representation.

1 ™
Jp(z) = —/ cos(zsinf —nb)dd, = >0,neZ
m™Jo
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4.7: Gamma Function

A FUNCTION THAT OFTEN OCCURS IN THE STUDY OF SPECIAL FUNCTIONS is the Gamma function. We will need the Gamma
function in the next section on Fourier-Bessel series.

For = > 0 we define the Gamma function as
oo
I'(z) =/ t*le7ldt, x>0
0

The name and symbol for the Gamma function were first given by Legendre in 1811. However, the search for a generalization of
the factorial extends back to the 1720’s when Euler provided the first representation of the factorial as an infinite product, later to
be modified by others like GauB, Weierstraf, and Legendre. The Gamma function is a generalization of the factorial function and
a plot is shown in Figure 4.5. In fact, we have

ra=1
and
Dz +1) =z (z)

The reader can prove this identity by simply performing an integration by parts. (See Problem 13.) In particular, for integers n
€ Z*, we then have

I'n+1)=nl'(n)=n(n—1)I'n—-2)=n(n-—1)-2I(1) =n!
We can also define the Gamma function for negative, non-integer values of z. We first note that by iteration on n € Z+, we have
MNz+n)=(x+n—1)(z+1zl'(z), z+n>0
Solving for I'(z), we then find
\[\Gamma(x)=\dfrac{\Gamma(x+n)H(x+n-1) \cdots(x+1) x}, \quad-n

Note that the Gamma function is undefined at zero and the negative integers.

6

Figure 4.7.1: Plot of the Gamma function.
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Example 4.7.1

We now prove that

This is done by direct computation of the integral:

Letting t = 2%, we have

1 ©
r (—) =% e “dz
2 0
Due to the symmetry of the integrand, we obtain the classic inte-

4 Using a substitution 22 = 8y?, we can gral4 show the more general result:

T (l) :/ e_zzdz,
2) ") .

o —By? _ s
e dy=,/—=
I 5

Which can be performed using a standard trick. Consider the integral.

I:/ e dx
12:/ e’zzdw/ e Vdy

Note that we changed the integration variable. This write this product of integrals as a double integral:

I?= /00 /00 ef(””zﬂ’z)dacdy

Note that we changed the integration variable. This will allow us to This is an integral over the entire zy-plane. We can
transform this Cartesian integration to an integration over polar coordinates. The integral becomes

27 (o]
I’ = / / e "rdrdd
o Jo

This is simple to integrate and we have I2? = 7. So, the final result is found by taking the square root of both sides:

Then,

In Problem 15, the reader will prove the more general identity

F(”-i-%):M\/;

Another useful relation, which we only state, is
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s

Mz)I'(1—=z) =

sin 7z

The are many other important relations, including infinite products, which we will not need at this point. The reader is encouraged
to read about these elsewhere. In the meantime, we move on to the discussion of another important special function in physics
and mathematics.

This page titled 4.7: Gamma Function is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman
via source content that was edited to the style and standards of the LibreTexts platform.
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4.8: Hypergeometric Functions

Hypergeometric functions are probably the most useful, but least understood, class of functions. They typically do not make it
into the undergraduate curriculum and seldom in graduate curriculum. Most functions that you know can be expressed using
hypergeometric functions. There are many approaches to these functions and the literature can fill books. See for example Special
Functions by G. E. Andrews, R. Askey, and R. Roy, 1999, Cambridge University Press.

In 1812 Gauss published a study of the hypergeometric series

_ a_ﬁx a(l-i—a)B(l—i—ﬁ)xZ a(1+a)(2+a)ﬂ(1+ﬂ)(2+ﬂ)x
o) =1+ = ot 21y(1+7) " 31 +7)(2+7) e (#8.1)

Here a, 8,7, and z are real numbers. If one sets a = 1 and 3 = v, this series reduces to the familiar geometric series
yx)=1+z+2>+2°+ ...
The hypergeometric series is actually a solution of the differential equation
t(l—z)y" + [y —(a+F+1)zly —aby=0

This equation was first introduced by Euler and latter studied extensively by Gauss, Kummer and Riemann. It is sometimes called
Gauss’s equation. Note that there is a symmetry in that o and 3 may be interchanged without changing the equation. The points
z =0 and z = 1 are regular singular points. Series solutions may be sought using the Frobenius method. It can be confirmed that
the above hypergeometric series results.

A more compact form for the hypergeometric series may be obtained by introducing new notation. One typically introduces the
Pochhammer symbol, («),, satisfying

i (@)g=1lifa#0.
il. ()p=a(l+a)..(k—1+4+a), for k=1,2,....

This symbol was introduced by Leo August Pochhammer ( 1841 — 1920).
Consider (1),. For n=0,(1)g = 1. For n > 0,

1), =1014+1)(2+1)...[(n—1)+1]
This reduces to (1),, = nl. In fact, one can show that

(n+k—1)!
k)p=—-—"-
(=~

for k and n positive integers. In fact, one can extend this result to noninteger values for k by introducing the gamma function:

I(a+n)

(a)"l = F(Of)

We can now write the hypergeometric series in standard notation as

2Fi(e, Bivim) =) %zn
n=0 : n

For v > 8 > 0, one can express the hypergeometric function as an integral:

L'(v)

2Fi(a, Byviz) = T(B)T(y— B)

1
/ t07 11 — )71 — tz)odt
0

Using this notation, one can show that the general solution of Gauss’ equation is
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y(z) = AsFi(a, B;v;x) + Be' (1 — v+ a,1 — v+ ;2 — ;)

By carefully letting 3 approach oo, one obtains what is called the confluent hypergeometric function. This in effect changes the
nature of the differential equation. Gauss ’ equation has three regular singular points at z = 0,1, co. One can transform Gauss’
equation by letting z = u/B. This changes the regular singular points to u = 0, 8, co. Letting 8 — oo, two of the singular points
merge.

The new confluent hypergeometric function is then given as

u
F A = li F A
1F1(a;v;u) Jim 1(%&%5)

This function satisfies the differential equation
zy’ +(y—2)y —ay=0

The purpose of this section is only to introduce the hypergeometric function. Many other special functions are related to the
hypergeometric function after making some variable transformations. For example, the Legendre polynomials are given by

1—
Pa(e) = Fy (—non+ 15152 )

In fact, one can also show that

The Bessel function J,(z) can be written in terms of confluent geometric functions as

1 Z\P _; 1
=—— (Ve R (= +p1+2p;2i
Jp(x) T+ 1) <2> e 1 1(2 +p,1+2p; 12)

These are just a few connections of the powerful hypergeometric functions to some of the elementary functions that you know.

This page titled 4.8: Hypergeometric Functions is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by
Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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4.9: Problems

1.

Find the first four terms in the Taylor series expansion of the solution to
a.y'(z) = y(z) —z,y(0) =2

b.y'(z) = 2zy(z) — 2%,y(0) = 1.

c. (1+2z)y'(z) = py(z),y(0) = 1.

d.y/(z) = /2% 1 42(2), y(0) = L.

e.y"(z) —2zy'(z) + 2y(z) = 0,y(0) = 1,5'(0) = 0.

Use the power series method to obtain power series solutions about the given point.
a.y =y—=z,y(0) =2,z =0.

b. (14 2)y'(z) = py(z), zo = 0.

c.y’ +9y=0,y0)=1,9(0) = 0,29 = 0.

d.y"” + 222y 4+ xy=0,20 = 0.

ey’ —zy +3y=0,y(0) = 2,20 = 0.

foey” —zy +y=¢€"y(0)=1,y(0) =2,z = 0.

g.2%" —xy +y=0,z0=1.

In Example 4.3 we found the general Maclaurin series solution to

y' —zy —y=0

Show that one solution of this problem is y; (z) = e*'/2.

Find the first five nonzero terms of the Maclaurin series expansion for y;(z) and

d. Verify that this second solution is consistent with the solution found in Example 4.3.

Find at least one solution about the singular point x = 0 using the power series method. Determine the second solution using
the method of reduction of order.

a. z2y” + 2xy’ — 2y = 0.
b.zy” +(1—=z)y —y=0.
c.zly’ —z(1—2)y +y=0.

5. List the singular points in the finite plane of the following:

3 (1—=x)2
1—z2)y” ! =0.
( f'f)y(+ff)+2y t(w+)3 y
1, 33— , Tz —2
Sl =0
zy + z+6 z—1 Y
Yy +zy=0.

22(x —2)y"” +4(z —2)y +3y=0.

Sometimes one is interested in solutions for large z. This leads to the concept of the point at infinity.

1 . .
a. Let z = — and y(z) = v(2). Using the Chain Rule, show that
x

dy __ v
dx dz
dy  ,d% I o du
dx? = dz? z dz

b. Use the transformation in part (a) to transform the differential equation 22y’ 4+ y = 0 into an equation for w(z) and classify the
point at infinity by determining if w = 0 is an ordinary point, a regular singular point, or an irregular singular point.

c. Classify the point at infinity for the following equations:

iy’ +zy=0.
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il. 22(x — 2)y” +4(z —2)y’ +3y=0.
7. Find the general solution of the following equations using the Method of Frobenius at z = 0.
a.dzy” +2y +y=0

1
y=0

b‘ 17 .
vt 4z2

c.zy”’ +2y +zy=0.

1 z4+1
Aoy + —af —
yor 2xy 212

y=0.

d. 4z2%y” + dzy’ + (422 — 1)y =0.

e2z(x+ 1)y’ +3(x+1)y —y=0.

f.z%y” —z(1+=x)y +y=0.

g.zy’ —(4+2z)y +2y=0.

8. Find Py(x) using

a. The Rodrigues Formula in Equation 4.5.1.

b. The three-term recursion formula in Equation 4.5.3.

9. In Equations 4.5.13 through Equation 4.5.20 we provide several identities for Legendre polynomials. Derive the results in
Equations 4.5.14 through 4.5.20 as described in the text. Namely,

a. Differentiating Equation 4.5.13 with respect to z, derive Equation 4.5.14.

b. Derive Equation 4.5.15 by differentiating g(z, t) with respect to = and rearranging the resulting infinite series.
c. Combining the previous result with Equation 4.5.13, derive Equations 4.5.16 and 4.5.17.

d. Adding and subtracting Equations 4.5.16 and 4.5.17, obtain Equations 4.5.18 and 4.5.19.

e. Derive Equation 4.5.20 using some of the other identities.

10. Use the recursion relation Equation 4.5.3 to evaluate fil 2P, (z)Pp(z)dz,n < m.
11. Consider the Hermite equation

Yy —2zy’ +2ny =0

Determine the recursion formula for the coefficients in a series solution, y(z) = Y7, cxz*. Show that if n is an integer, then one
of the linearly independent solutions is a polynomial.

12. Using the power series method to find the general solution of Airy’s equation,

2

y' —zy=0
13. Use integration by parts to show I'(z + 1) = zT'(z).
14. Prove the double factorial identities:
(2n)! = 2™n!
and
2n)!
2n—1N = (2”n)'
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15.

16.

17.

18.

19.

. 1
Using the property I'(z + 1) = zI'(z), > 0,and T (5) = /m, prove that

r(ntg) =&

Express the following as Gamma functions. Namely, noting the form I'(z +1) =f0°° te~tdt and using an appropriate
substitution, each expression can be written in terms of a Gamma function.

a. fooo e *dg.

b. fooo 2ie~*dz

c [y [m (é)}ndx

A solution of Bessel's equation, z%y”" + zy’ + (2> —n*)y = 0, can be found using the guess y(z) = }-7° a;z/*". One obtains

the recurrence relation a; = a;—s. Show that for ag = (n!2”)’1, we get the Bessel function of the first kind of order n

i(2n +75)
from the even values j = 2k :

2 (—=1)* T\ nt+2k
Tn(@) = kZ; K(n+ k)! (3)

Use the infinite series in Problem 17 to derive the derivative identities Equation 4.6.4 and 4.6.5:
d
a - [z" T, (2)] = 2" Jp—1 ().

b. o [T (2)] = =2 " Tpt1(2).

Prove the following identities based on those in Problem 18 .

2
a. Jpa(z) + Jpu(z) = ?pJp(:v).

b. Jp1(x) — Jpyi(z) = 2J,(2).
Use the derivative identities of Bessel functions, Equation 4.6.4 and 4.6.5, and integration by parts to show that

/a:3J0(x)dac =230 (2) — 22°Jo(z) + C

We can rewrite the series solution for Bessel functions,

Extend the series definition of the Bessel function of the first kind of order v, J,(x), for v > 0 by writing the series solution for
y(z) in Problem 17 using the Gamma function.

Extend the series to J_,(x), for v > 0. Discuss the resulting series and what happens when v is a positive integer.

d. Use the results in part c with the recursion formula for Bessel functions,

Jos(®) + ua(&) = - (2)

Show that setting @ = 1 and 8= v in 2 Fy(«, 8;v; x) leads to the geometric series.

Prove the following:
a. (a),=(a)pa1(a+n—1),n=1,2,...,a#0
b. (a), =ala+1)p—1,m=1,2,...,a#0.

Verify the following relations by transforming the hypergeometric equation into the equation satisfied by each function.
1—
a. P,(z) = o (—n,n +1;1; Tx)

11 3
b.sin o = 0o (5,55 5:0° ).
sin— s =22F1| 5,55 537

Z\P

. 1
c. =——(ZY e (= 4,1+ 2p; 2i2).
Jp(z) Tp+1) <2> e 1(2 +p,1+2p; 12)
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5: LAPLACE TRANSFORMS

"We could, of course, use any notation we want; do not laugh at notations; invent them, they are powerful. In fact, mathematics is,
to a large extent, invention of better notations." - Richard P. Feynman (1918-1988)

5.1: The Laplace Transform

5.2: Properties and Examples of Laplace Transforms
5.3: Solution of ODEs Using Laplace Transforms
5.4: Step and Impulse Functions

5.5: The Convolution Theorem

5.6: Systems of ODEs

5.7: Problems

This page titled 5: Laplace Transforms is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman
via source content that was edited to the style and standards of the LibreTexts platform.
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5.1: The Laplace Transform

Up to this point we have only explored Fourier exponential transforms as one type of integral transform. The Fourier transform is
useful on infinite domains. However, students are often introduced to another integral transform, called the Laplace transform, in
their introductory differential equations class. These transforms are defined over semi-infinite domains and are useful for solving
initial value problems for ordinary differential equations.

The Laplace transform is named after Pierre-Simon de Laplace (1749 - 1827). Laplace made major contributions, especially to
celestial mechanics, tidal analysis, and probability.

Integral transform on [a, b] with respect to the integral kernel, K (z, k).

The Fourier and Laplace transforms are examples of a broader class of transforms known as integral transforms. For a function
f(z) defined on an interval (a, b), we define the integral transform

b

F(k)= | K(z,k)f(z)dz

a

where K(z,k) is a specified kernel of the transform. Looking at the Fourier transform, we see that the interval is stretched over
the entire real axis and the kernel is of the form, K (z, k) = e%*. In Table 5.1 we show several types of integral transforms.

Table 5.1.1: A Table of Common Integral Transforms.

Laplace Transform F(s) = [ e f(z)dz

Fourier Transform F(k)= [ e* f(z)dx
Fourier Cosine Transform F(k) = [ cos(kz) f(z)dz
Fourier Sine Transform F(k) = [, sin(kz) f(z)dx

Mellin Transform F(k) = [ a" L f(z)da
Hankel Transform F(k)= [;° aJy(kz) f(z)dx

It should be noted that these integral transforms inherit the linearity of integration. Namely, let h(z) = af(z) + Bg(x), where a and

[ are constants. Then,
b
k) = / K(z,k)h(z)dz

b
/ K(z, k) (af(z) + o())dz

(5.1.1)

b
/ K(z,k)f )da:—i—ﬁ/ K(z,k)g(z)dz
z) + BG(x)

Therefore, we have shown linearity of the integral transforms. We have seen the linearity property used for Fourier transforms and
we will use linearity in the study of Laplace transforms.

The Laplace transform of f, F' = £[f]. We now turn to Laplace transforms. The Laplace transform of a function f(t) is defined as
F(s) = £L[f](s / f®)e *tdt, s>0
This is an improper integral and one needs

lim f(t)e ™ =0

t—o00
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to guarantee convergence.

Laplace transforms also have proven useful in engineering for solving circuit problems and doing systems analysis. In Figure 5.1
it is shown that a signal z(t) is provided as input to a linear system, indicated by h(t). One is interested in the system output, y(¢),
which is given by a convolution of the input and system functions. By considering the transforms of z(¢) and h(t), the transform of
the output is given as a product of the Laplace transforms in the s-domain. In order to obtain the output, one needs to compute a
convolution product for Laplace transforms similar to the convolution operation we had seen for Fourier transforms earlier in the
chapter. Of course, for us to do this in practice, we have to know how to compute Laplace transforms.

X() -==» [h(t)] ---» y(t) = h(t) *x(t)

Laplace Inverse Laplace
Transform Transform

X(s) —— |H(s)| —— Y(s) = H(s)X(s)

Figure 5.1.1: A schematic depicting the use of Laplace transforms in systems theory.

This page titled 5.1: The Laplace Transform is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.
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5.2: Properties and Examples of Laplace Transforms

IT IS TYPICAL THAT ONE MAKES USE of Laplace transforms by referring to a Table of transform pairs. A sample of such pairs
is given in Table 5.2.1. Combining some of these simple Laplace transforms with the properties of the Laplace transform, as
shown in Table 5.2.2, we can deal with many applications of the Laplace transform. We will first prove a few of the given Laplace
transforms and show how they can be used to obtain new transform pairs. In the next section we will show how these transforms
can be used to sum infinite series and to solve initial value problems for ordinary differential equations.

Table 5.2.1: Table of Selected Laplace Transform Pairs.

f(@) F(s) f(@) F(s)

c t
¢ 5 e ,8>a
s—a
tn n! tneat n!
——,5>0 _—
gn+l’ (s _ a)n+1
sin wt v e sin wt v
s2 + w? (s —a)? + w?
coswt _5 e coswt 5 e B
s2 + w? (s —a)? + w?
t sin wt 2ws t cos wt 5% — w?
— 2w
(s + w?) (52 + w?)?
sinh at % cosh at %
s2—a s2—a
H(t—a) e R ot —a) e aa>0,s>0

We begin with some simple transforms. These are found by simply using the definition of the Laplace transform.

Example 5.2.1

Show that £[1] = l
S

For this example, we insert f(¢) = 1 into the definition of the Laplace transform:
£L[1] = / e stdt
0

This is an improper integral and the computation is understood by introducing an upper limit of a and then letting a — oco. We
will not always write this limit, but it will be understood that this is how one computes such improper integrals. Proceeding
with the computation, we have

L[] = / e *dt
0

a

= lim e tdt
a—0o0 O

1 a
= lim (— —eiSt)
a—00 s 0

1 1 1
lim (——e_s“ + —) =—
a—00 S S S

(5.2.1)

.1 . . . .
Thus, we have found that the Laplace transform of 1is —. This result can be extended to any constant ¢, using the linearity of the
S

transform, £[c] = ¢£[1]. Therefore,
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Example 5.2.2

Show that £ [e*] = !
S

1
—a

fors>a

For this example, we can easily compute the transform. Again, we only need to compute the integral of an exponential
function.

oo
< [e] :/ e*esdt
0

— / e(afs)tdt
0

1 o0
— ( 6(afs)t)
a—S 0
1 1

t—oo @ — S a—s s—a

(5.2.2)

Note that the last limit was computed as lim;_,, e(*=5)* = 0. This is only true if a — s < 0, or s > a. [Actually, a could be complex.
In this case we would only need s to be greater than the real part of a, s > Re(a).]

Example 5.2.3

Show that £[cos at] = 2; and £fsinat] = a
s+ a?

s2+a?’

For these examples, we could again insert the trigonometric functions directly into the transform and integrate. For example,

o0
Llcosat] = / e * cos atdt
0

Recall how one evaluates integrals involving the product of a trigonometric function and the exponential function. One
integrates by parts two times and then obtains an integral of the original unknown integral. Rearranging the resulting integral
expressions, one arrives at the desired result. However, there is a much simpler way to compute these transforms.

Recall that e’ = cos at + i sin at. Making use of the linearity of the Laplace transform, we have

£ [e"] = L[cos at] + iL[sin at]

Thus, transforming this complex exponential will simultaneously provide the Laplace transforms for the sine and cosine
functions!

The transform is simply computed as

£ [ei*] :/ 6iate—stdt:/ o—(s—ia)t gy — 1
0 0

s —1ia

Note that we could easily have used the result for the transform of an exponential, which was already proven. In this case, s
> Re(ia) = 0.

We now extract the real and imaginary parts of the result using the complex conjugate of the denominator:

1 1 s+ia  s+ia

s —ia s—1ia s+1ia s2 4+ a2

Reading off the real and imaginary parts, we find the sought-after transforms,
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Llecosat] = ———
sta (5.2.3)
Llsinat] = S
5?2+ a?
Example 5.2.4
1 .
Show that £[t] = —.For this example we evaluate
S
L[t] = / te Stdt
0
This integral can be evaluated using the method of integration by parts:
/ te Sdt = —t—e | + —/ e stdt
2 U (5.2.4)

Example 5.2.5

!
Show that £ [t"] = :_+1 for nonnegative integer n.
S

1 1 . e

We have seen the n =0 and n =1 cases: £[1] = — and £[t] = —. We now generalize these results to nonnegative integer
S S

powers, n > 1, of t. We consider the integral

L[t = / t"e ldt
0

Following the previous example, we again integrate by parts: !

o 1
/ tnefstdt — _ tn_efst
0

o0 o0
L+ / tme sty
S 0 s Jo

o0
_ / te=5tdt
s Jo

(5.2.5)

1 available at the end of this section.

We could continue to integrate by parts until the final integral is computed. However, look at the integral that resulted after
one integration by parts. It is just the Laplace transform of t"~. So, we can write the result as

L]t = %L [t] .

We compute f0°° t"e~*tdt by turning it into an initial value problem for a first-order difference equation and finding the solution
using an iterative method.

This is an example of a recursive definition of a sequence. In this case, we have a sequence of integrals. Denoting

I,=L[t" = / t"e Sldt
0

. 1 .
and noting that I, = £[1] = —, we have the following:
S

n
In: —4in-1, IO:
S

w | =
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This is also what is called a difference equation. It is a first-order difference equation with an "initial condition," I. The next
step is to solve this difference equation. Finding the solution of this first-order difference equation is easy to do using simple
iteration. Note that replacing n with n — 1, we have

n—1
I, 1= I, o.
S

Repeating the process, we find

n
In— —in-1
S

n (n—1
2 (25
s s

(5.2.6)
n(n—1)
- TI’H
_ n(n — 2)3(71 —2) I s

We can repeat this process until we get to I, which we know. We have to carefully count the number of iterations. We do
this by iterating k times and then figuring out how many steps will get us to the known initial value. A list of iterates is easily
written out:

n

In = —ipn-1
s
n(n—1)
= T—[n72
_ n(n — 1)3(72 —2) I s (5.2.7)
s

n(n—l)(n—Q)...(n—k—i—l)I

= ok n—k
. 1 . .
Since we know Iy = —, we choose to stop at k = n obtaining
S
n(n—1)(n—2)...(2)(1) n!
I" = n IO = n+1
S S

]

Therefore, we have shown that £ [t"] = :H .
S

Such iterative techniques are useful in obtaining a variety of integrals, such as I,, = ffooc e dz.

As a final note, one can extend this result to cases when n is not an integer. To do this, we use the Gamma function, which was
discussed in Section 4.7. Recall that the Gamma function is the generalization of the factorial function and is defined as

(o 0]
I(z) = / t* e tdt

0

Note the similarity to the Laplace transform of ¢*~1 :
oo
L[t = / t"teTstqdt

0

For z — 1 an integer and s = 1, we have that

I(z) = (z—1)!

Thus, the Gamma function can be viewed as a generalization of the factorial and we have shown that
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I'(p+1)

£l = spt1

forp > —1.

Now we are ready to introduce additional properties of the Laplace transform in Table 5.2.2. We have already discussed the first
property, which is a consequence of the linearity of integral transforms. We will prove the other properties in this and the following
sections.
Table 5.2.2: Table of selected Laplace transform properties.

Laplace Transform Properties

Llaf(t) + bg(2] = aF(s) + bG(s)

Ltft)] = ——F(s)

ds
), [;fl—{}] — sF(s) — £(0)
|| =sr0 - 10~ 10

£ [ef(t)] = F(s — a)
L[H(t —a)f(t — a)] = e F(s)
L[(f*g)®)] = £ [ [y £t — w)g(w)du] = F(s)G(s)

Example 5.2.6

af]
&) = sF6) - £

We have to compute

Show that £ [

df _ Oodf —st
z[dt]_ L oat

We can move the derivative off f by integrating by parts. This is similar to what we had done when finding the Fourier
transform of the derivative of a function. Letting u = e~ and v = f(t), we have

<[] [
= f@)e|y + S/OOO f(t)e *tdt (5.2.8)
= —£(0) + sF(s).
Here we have assumed that f(t)e™* vanishes for large t.

The final result is that

Example 5.2.7

Show that £ [%] = s2F(s) — sf(0) — £'(0).

We can compute this Laplace transform using two integrations by parts, or we could make use of the last result. Letting g(t)

d
= &, we have
dt
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But,

So,
(5.2.9)

We will return to the other properties in Table 5.3 after looking at a few applications.

Answers

Example 5.2.5
This integral can just as easily be done using differentiation. We note that \

A\ (™ _, o
- stdt = the s dt.
( dS) /o ¢ /0 ¢
o0
/ e’“dt:l
0 s

Since

This page titled 5.2: Properties and Examples of Laplace Transforms is shared under a CC BY-NC-SA 3.0 license and was authored, remixed,
and/or curated by Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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5.3: Solution of ODEs Using Laplace Transforms

ONE OF THE TYPICAL APPLICATIONS OF LAPLACE TRANSFORMS is the solution of nonhomogeneous linear constant
coefficient differential equations. In the following examples we will show how this works.

The general idea is that one transforms the equation for an unknown function y(¢) into an algebraic equation for its transform,

Y (¢). Typically, the algebraic equation is easy to solve for Y(s) as a function of s. Then, one transforms back into ¢-space using
Laplace transform tables and the properties of Laplace transforms. The scheme is shown in Figure 5 - 2.

Laplace Transform

Lly] =g F(Y)=G

Algebraic
ODZ) Equation
r
fory Y(s)

é_________

Y(s)

<

VN
~~

N—"

Inverse Laplace Transform

Figure 5.3.1: The scheme for solving an ordinary differential equation using Laplace transforms. One transforms the initial value problem for
y(t) and obtains an algebraic equation for Y(s). Solve for Y(s) and the inverse transform gives the solution to the initial value problem.

Example 5.3.1

Solve the initial value problem 3’ + 3y = €%, »(0) = 1.
The first step is to perform a Laplace transform of the initial value problem. The transform of the left side of the equation is
Ly +3y=sY —y(0) +3Y = (s +3)Y —1

Transforming the right-hand side, we have

1
£ = —
Combining these two results, we obtain
(s+3)Y—-1= !
s—2
The next step is to solve for Y (s) :
1 1

YO =3t o619
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Now we need to find the inverse Laplace transform. Namely, we need to figure out what function has a Laplace transform of
the above form. We will use the tables of Laplace transform pairs. Later we will show that there are other methods for carrying
out the Laplace transform inversion.

The inverse transform of the first term is e 3!, However, we have not seen anything that looks like the second form in the table
of transforms that we have compiled, but we can rewrite the second term using a partial fraction decomposition. Let’s recall
how to do this.

The goal is to find constants A and B such that

1 A B

5—2)(s43) s-2 513

We picked this form because we know that recombining the two terms into one term will have the same denominator. We just
need to make sure the numerators agree afterward. So, adding the two terms, we have

1 A(s+3)+ B(s—2)

(s —2)(s+3) (s—2)(s+3)
Equating numerators,
1=A(s+3)+ B(s—2)
There are several ways to proceed at this point.
a. Method 1.
We can rewrite the equation by gathering terms with common powers of s, we have
(A+B)s+34—2B=1

The only way that this can be true for all s is that the coefficients of the different powers of s agree on both sides. This leads
to two equations for A and B:

A+B=0
(5.3.1)
3A—2B=1
. . . . .. 1
The first equation gives A = —B, so the second equation becomes —5B = 1. The solution is then A = —B = 5
b. Method 2.
. . 1 A B . . e .
Since the equation = + is true for all s, we can pick specific values. For s = 2, we find 1 = 54, or A
(s—2)(s+3) s—2 s+3
1 . . .
= 5 For s = —3,we find 1 = —5B, or B= -5 Thus, we obtain the same result as Method 1, but much quicker.

This is an example of carrying out a partial fraction decomposition.
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\4

1 2

Figure 5.3.2: A plot of the solution to Example 5.3.1.
c. Method 3.

We could just inspect the original partial fraction problem. Since the numerator has no s terms, we might guess the form

1 1 1
(s—2)(s+3) s—2 s+3

But, recombining the terms on the right-hand side, we see that

11 5
s—2 s+3 (s—2)(s+3)

Since we were off by 5, we divide the partial fractions by 5 to obtain
v 1 [L _ L]
(s—2)(s+3) 5ls—2 s+3
which once again gives the desired form.
Returning to the problem, we have found that
1 1 1 1
Yeo)=333+3 (3—2 - s+3)

We can now see that the function with this Laplace transform is given by

111 1 1
— o1 = _ _ o3t = (.2t -3t
u) =< L+3+5(372 s+3>} A

works. Simplifying, we have the solution of the initial value problem

1 4
£ = Sty 23
y(t) Be +5e

We can verify that we have solved the initial value problem.

e 343 (le% + %6—315) — o2

2 12
y'+3y=—62t*— =

5 5
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and y(0) =

Example 5.3.2

Solve the initial value problem y”” + 4y = 0,y(0) = 1, y’(0) = 3.
We can probably solve this without Laplace transforms, but it is a simple exercise. Transforming the equation, we have

0 = s2Y — sy(0) — ' (0) + 4Y

—(?+4)Y—s-3 Gy

Solving for Y, we have

s+ 3
s2+4

Y(s) =
We now ask if we recognize the transform pair needed. The denominator looks like the type needed for the transform of a
sine or cosine. We just need to play with the numerator. Splitting the expression into two terms, we have

s n 3
s2+4  s244

Y(s) =

The first term is now recognizable as the transform of cos 2t. The second term is not the transform of sin 2¢. It would be if the
numerator were a 2 . This can be corrected by multiplying and dividing by 2 :

3 7&( 2 )
s24+4 2 \s2+4

The solution is then found as

] s 3( 2 )]_ 3.
y(t)=«£ {32+4+ <32+4 —cos2t+2sm2t

The reader can verify that this is the solution of the initial value problem and is shown in Figure 5.3.2.

\ N\,
AR

Figure 5.3.3: A plot of the solution to Example 5.3.2.

This page titled 5.3: Solution of ODEs Using Laplace Transforms is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/
or curated by Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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5.4: Step and Impulse Functions

Heaviside Step Function

OFTEN, THE INITIAL VALUE PROBLEMS THAT ONE FACES in differential equations courses can be solved using either the
Method of Undetermined Coefficients or the Method of Variation of Parameters. However, using the latter can be messy and
involves some skill with integration. Many circuit designs can be modeled with systems of differential equations using Kirchoff's
Rules. Such systems can get fairly complicated. However, Laplace transforms can be used to solve such systems, and electrical
engineers have long used such methods in circuit analysis.

In this section we add a couple more transform pairs and transform properties that are useful in accounting for things like turning
on a driving force, using periodic functions like a square wave, or introducing impulse forces.

H(t—a)

N

Vo

Figure 5.4.1: A shifted Heaviside function, H(t — a).

We first recall the Heaviside step function, given by

0, t<0
H(t) =
1, t>0

. A more general version of the step function is the horizontally shifted step function, H(¢ — a). This function is shown in Figure 5
- 5. The Laplace transform of this function is found for a > 0 as

L[H(t—a)] = /000 H(t —a)e *dt

o0 —as

The Laplace transform has two Shift Theorems involving the multiplication of the function, f(t), or its transform, F(s), by
exponentials. The First and Second Shift Properties Theorems are given by

£ [ f(t)] = F(s —a)

Llft—a)H(t —a)] = e “F(s).
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(The Shift Theorems). We prove the First Shift Theorem and leave the other proof as an exercise for the reader. Namely,

£ lef(t)] = h e f(t)e *tdt
/° (5.4.2)

= /oo ft)e =Vt = F(s — a)
0

Example 5.4.1

Compute the Laplace transform of e~% sin wt.

This function arises as the solution of the underdamped harmonic oscillator. We first note that the exponential multiplies a
sine function. The First Shift Theorem tells us that we first need the transform of the sine function. So, for f(t) = sinwt, we
have

w

F(s) = ——

Using this transform, we can obtain the solution to this problem as

w

—at . _ _
(:[6 smwt]fF(s-i-a)fm

More interesting examples can be found using piecewise defined functions. First we consider the function H(t) — H(t — a). For t
< 0, both terms are zero. In the interval [0, a], the function H(¢t) =1 and H(t — a) = 0. Therefore, H(t) — H(t —a) = 1 for ¢t € [0, a].
Finally, for ¢t > a, both functions are one and therefore the difference is zero. The graph of H(t) — H(t — a) is shown in Figure 5.4.2

N

0 a

Figure 5.4.2: The box function, H(t) — are zero.
We now consider the piecewise defined function:

t), 0<t<a
g(t)_{ f@®)

0, t<0,t>a

This function can be rewritten in terms of step functions. We only need to multiply f(¢) by the above box function,

g9(t) = fO[H(t) — H(t — a)].
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We depict this in Figure 5.4.3.

0 a

Figure 5.4.3: Formation of a piecewise function, f(¢) = [H(t) — H(t — a)].

Even more complicated functions can be written in terms of step functions. We only need to look at sums of functions of the form
f@)[H(t —a) — H(t — b)] for b > a. This is similar to a box function. It is nonzero between a and b and has height f(¢). We show as
an example the square wave function in Figure 5.4.4. It can be represented as a sum of an infinite number of boxes,

fora>0

Example 5.4.2

Find the Laplace Transform of a square wave "turned on”” at ¢ = 0.

— 1

f@::f”H@fmwauf@n+Dm

n=—oo

We let

@O0

N

0 a 24 4a 6a

Figure 5.4.4: A square wave, f(t) =Y o> _[H(t —2na) — H(t — (2n + 1)a)].

n=—00

flt) = i[H(t —2na) —H(t—(2n+1)a)], a>0
n=0
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Using the properties of the Heaviside function, we have

L[ft)] = i[ﬁ[H(t —2na)] — L[H(t — (2n + 1)a)]]
n=0

) |:672nas 67(2n+1)as ]
0

— s s

1—e® & 2as\"™
- S )

S (5.4.3)
=g 1
- S ( 1— 672as )
1—e%

T s (1—e2)
_ 1
T s(1+e9)

Note that the third line in the derivation is a geometric series. We summed this series to get the answer in a compact form
3 —2as
since e < 1.

Periodic Functions*

The previous example provides us with a causal function (f(t) =0 for ¢t < 0.) which is periodic with period a. Such periodic
functions can be teated in a simpler fashion. We will now show that

(Laplace transform of periodic functions).

Theorem 5.4.1

If f(t) is periodic with period T' and piecewise continuous on [0, 77, then
1 T .
F(s)= ——— t)e *tdt
(8) = 7= / f()e

Proof. available at the end of this section.

Example 5.4.3

Use the periodicity of

ft) = i[H(t —2na)— H(t— (2n+1)a)], a>0
n=0

to obtain the Laplace transform.

We note that f(¢) has period T = 2a. By Theorem 5.1, we have

@IOIC]E) 220 (5.4.4)



LibreTexts"

F(s) = /000 f(t)e stdt

1

N ﬁ/o [H(t) — H(t — a)]e*dt

1 2a 2a
=T [/ e_Stdtf/ e_Stdt:|
—e 0 a
—st |2a _st |2a
_ 1 . e e (5.4.4)
1—e2s | —s .
1
— (1 Qas) [1 o 672115 + 672(13 o efas]
S — e
1—e™ %
s(1—e299)
1
s (14 eas)

0 —S

This is the same result that was obtained in the previous example.

P. A. M. Dirac (1902 — 1984) introduced the § function in his book, The Principles of Quantum Mechanics, 4 th Ed., Ox — ford
University Press, 1958 , originally published in 1930 , as part of his orthogonality statement for a basis of functions in a Hilbert
space, (¢’ | £ = ¢d (&’ — (") in the same way we introduced discrete orthogonality using the Kronecker delta. Historically, a
number of mathematicians sought to understand the Diract delta function, culminating in Laurent Schwartz's (1915-2002) theory
of distributions in 1945 .

Dirac Delta Function

ANOTHER USEFUL CONCEPT IS THE IMPULSE FUNCTION. If wkE want to apply an impulse function, we can use the Dirac delta
function é(z). This is an example of what is known as a generalized function, or a distribution. Dirac had introduced this function
in the 1930 s in his study of quantum mechanics as a useful tool. It was later studied in a general theory of distributions and
found to be more than a simple tool used by physicists. The Dirac delta function, as any distribution, only makes sense under
an integral. Here will will introduce the Dirac delta function through its main properties. The delta function satisfies two main
properties:

1. d(z)=0forz #0.
2. [% 6(z)dr=1.

Integration over more general intervals gives

b _f1, 0€]a,b]
/a 0(z)dx = {0’ 0¢ [a.) (5.4.5)

Another important property is the sifting property:
[ s apferia = fa)

This can be seen by noting that the delta function is zero everywhere except at x = a. Therefore, the integrand is zero everywhere
and the only contribution from f(z) will be from z = a. So, we can replace f(z) with f(a) under the integral. Since f(a) is a
constant, we have that

/OO 0z —a)f(z)dx = /OO 0(z —a)f(a)dx
o o (5.4.6)
(@) [ S~ a)do = f(@)
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Example 5.4.4

Evaluate: [* 4(z + 3)z*dx

This is a simple use of the sifting property:

/ ” 5(z + 3)zdr = (—3)° = —27

Another property results from using a scaled argument, az. In this case, we show that
8(az) = |a|~o(x)

usual, this only has meaning under an integral sign. So, we place §(az) inside an integral and make a substitution y = ax :

L

/ 0(azx)dx = hm 0(azx)dx
-

1 al
= lim — / 0(y)dy

L—oo a —al

(5.4.7)

If a > 0 then

/:; 0(azx)dx = %/:: o(y)dy

However, if a < 0 then

/ §(ax)dz = —/ §(y)dy = ——/ 6(y)dy

The overall difference in a multiplicative minus sign can be absorbed into one expression by changing the factor 1/a to 1/|al.

Thus,
o0 1 o0
/ d(azx)dx = W/ o(y)dy
o al J_«

Properties of the Dirac delta function:

/jo 8z — a) f(z)dz = f(a).

/OO d(az)dx = L /00 o(y)dy.
oo la] J o
Example 5.4.5

Evaluate [* (5z + 1)§(4(z — 2))dz

This is a straightforward integration:
[o¢] 1 [o¢]
/ 5z + 1)6(4(x — 2))dz = 1 / (5z + 1)é(x — 2)dx = e

The first step is to write 6(4(z — 2)) = Zd(m — 2). Then, the final evaluation is given by

% /Oo (52 + 1)8(z — 2)dz =

—00

(52 +1) = =

N
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The Dirac delta function can be used to represent a unit impulse. Summing over a number of impulses, or point sources, we can
describe a general function as shown in Figure 5.9. The sum of impulses located at points a;, i = 1,...,n, with strengths f (a;)
would be given by

@)= F @)z a)
=1

£(x)4

—

AN

A1 1]

a1 dp d3 d4 ds de d7 4g A9 dq0

AN

Figure 5.4.5: Plot representing impulse forces of height f (a;). The sum }_7 | f(a;) 0 (z — a;)

A continuous sum could be written as
fla)= [ F()6a e

This is simply an application of the sifting property of the delta function.

We will investigate a case when one would use a single impulse. While a mass on a spring is undergoing simple harmonic motion,
we hit it for an instant at time ¢ = a. In such a case, we could represent the force as a multiple of \(\delta(t — a) \[4pt]).

One would then need the Laplace transform of the delta function to solve the associated initial value problem. Inserting the delta
function into the Laplace transform, we find that for a > 0,

Lot —a)] = /000 5(t —a)e *dt

= /°° 5(t —a)e *tdt (5.4.8)

—00

— e—as

Example 5.4.6

Solve the initial value problem y”’ + 472y = §(t — 2),

This initial value problem models a spring oscillation with an impulse force. Without the forcing term, given by the delta
function, this spring is initially at rest and not stretched. The delta function models a unit impulse at ¢t = 2. Of course, we
anticipate that at this time the spring will begin to oscillate. We will solve this problem using Laplace y(0) = 3’(0) = 0.
transforms. First, we transform the differential equation:

s2Y — sy(0) — y/(0) + 47%Y = ™%
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Solving for Y'(s), we obtain

So, we write

This gives f(t) = (27) !sin 27t.

0.2 1

Inserting the initial conditions, we have

(52 + 47r2) Y =%

8725

52 + 4x?

Y(s) =

1

F(s)= ——.
(s) 82 + 472

2
Llsin 27t] = ——
Jsin 2] 52 4 4r?
1 2
F(s)= ——-T
() 27 s2 + 472

We now apply the Second Shift Theorem, £[f(t — a)H(t — a)] = e **F(s), or

y(t) = 5" [eiZSF(s)]
— H{E-2)f(t—2)

1
= —H(t—2)sin2n(t — 2)
2m

—0.2

@O0

Figure 5.4.6: A plot of the solution to Example 5.4.6 in which a spring at rest experiences an impulse force at t = 2.

224 (5.4.8)

We now seek the function for which this is the Laplace transform. The form of this function is an exponential times some
Laplace transform, F(s). Thus, we need the Second Shift Theorem since the solution is of the form Y (s) = e % F(s) for

We need to find the corresponding f(t) of the Laplace transform pair. The denominator in F(s) suggests a sine or cosine.
Since the numerator is constant, we pick sine. From the tables of transforms, we have

(5.4.9)

This solution tells us that the mass is at rest until ¢ = 2 and then ample 5.14 in which a spring at rest exbegins to oscillate at
its natural frequency. A plot of this solution is periences an impulse force at ¢ = 2. shown in Figure 5.4.6
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Example 5.4.7

Solve the initial value problem

where

f() cosmt, 0<t<2
t) =
0, otherwise

We need the Laplace transform of f(t). This function can be written in terms of a Heaviside function, f(t) = cosmtH(t — 2). In
order to apply the Second Shift Theorem, we need a shifted version of the cosine function. We find the shifted version by
noting that cos w(t — 2) = cos «t. Thus, we have

£(t) = cosmt[H(t) — H(t — 2)]

(5.4.10)
=cosmt —cosm(t —2)H(t—2), t>0

The Laplace transform of this driving term is

F(s) = (1 =) Lleosmt] = (1—e™) =

Now we can proceed to solve the initial value problem. The Laplace transform of the initial value problem yields

s
52 + 72

(s+1)Y(s)=(1—e>)

Therefore,

S

Y6 =0 e

We can retrieve the solution to the initial value problem using the Second Shift Theorem. The solution is of the form Y (s)
=(1— e %) G(s) for

S
Glg)= ——— >
O ey
Then, the final solution takes the form
y(t) = g(t) —g(t —2)H(t — 2)

We only need to find ¢(¢) in order to finish the problem. This is easily done using the partial fraction decomposition

Gls) = s 1 [ s s ]

(s2+7m2)(s24+1) T o141 2+

Then,

CEFDICESY

1
=1 (cost — cost)

The final solution is then given by

y(t) = = ! ] [cost — cosmt — H(t — 2)(cos(t — 2) — cos 7t)]

Te —

A plot of this solution is shown in Figure 5.4.7.

@IOIC]E) 225 (5.4.9)



LibreTextS“'

—0.2

—-04 |

Figure 5.4.7: A plot of the solution to Example 5.4.7 in which a spring at rest experiences an piecewise defined force.

Answers
Theorem 5.4.1

F(s) = /0Oc f(t)estat

T )

— —st —st

7/0 f(t)e dt+/T f(t)e *'dt

= /Tf(t)e’“dwr/mf(th)e’“dt (5.4.11)
0 T
T 3]

= / ft)estdt + e’ST/ f(r)e™"dr
0 0

= /Tf(t)e’”dt + e TF(s)
0

Solving for F(s), one obtains the desired result.

This page titled 5.4: Step and Impulse Functions is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by
Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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5.5: The Convolution Theorem

Finally, we consider the convolution of two functions. Often, we are faced with having the product of two Laplace transforms that
. . 1 .
we know and we seek the inverse transform of the product. For example, let’s say we have obtained Y(s) = ————— while

(s—1)(s—2)
trying to solve an initial value problem. In this case, we could find a partial fraction decomposition. But, there are other ways
to find the inverse transform, especially if we cannot perform a partial fraction decomposition. We could use the Convolution
Theorem for Laplace transforms or we could compute the inverse transform directly. We will look into these methods in the next

two sections. We begin with defining the convolution.

We define the convolution of two functions defined on [0, co) much the same way as we had done for the Fourier transform. The
convolution f x g is defined as

(f *0)(t) = / Flu)g(t — u)du

Note that the convolution integral has finite limits as opposed to the Fourier transform case.
The convolution operation has two important properties:
1. The convolution is commutative: fxg=g* f

Proof. The key is to make a substitution y = t — u in the integral. This makes f a simple function of the integration variable.
t
(O = [ st —udu

0
= —/t 9(t —y) f(y)dy (5.5.1)

- /0 Fw)glt — y)dy
— (Fro)®)

2. The Convolution Theorem: The Laplace transform of a convolution is the product of the Laplace transforms of the individual
functions:

L[f gl = F(s)G(s)

Proof. Proving this theorem takes a bit more work. We will make some assumptions that will work in many cases. First, we assume
that the functions are causal, f(t) = 0 and g(t) = 0 for t < 0. Second, we will assume that we can interchange integrals, which needs
more rigorous attention than will be provided here. The first assumption will allow us to write the finite integral as an infinite
integral. Then a change of variables will allow us to split the integral into the product of two integrals that are recognized as a
product of two Laplace transforms.

Carrying out the computation, we have

aired = [ ([ sgte—wan) e v

_ /0 ” ( /0 " gl — u)du) e~tdt
_ /0 " ) ( /0 C gt — u)e—sfdt> du

Now, make the substitution 7 = t — u. We note that

(5.5.2)
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intg® f(u) (/000 g(t— u)efStdt) du = /000 flw) (/j: g(T)@fS(H”)dT) du

However, since g(7) is a causal function, we have that it vanishes for 7 < 0 and we can change the integration interval to [0, ).
So, after a little rearranging, we can proceed to the result.

cled = s ([ atne ) du
- /0 " Hwe ( /0 " g(r)e*“dr> du 559
- ( /O h f(u)e*sudu) ( /0 ” g(T)e*”dT)

= F(s)G(s)

We make use of the Convolution Theorem to do the following examples.

Example 5.5.1

Find y(t) = £ {m}

We note that this is a product of two functions:

1 11
T (s—1)(s—2) s—1s—2

F(s)G(s)

We know the inverse transforms of the factors:
f(®) = e’ and g(t) = €*

Using the Convolution Theorem, we find y(t) = (f * g)(t). We compute the convolution:

y(t) = /0 F(u)g(t — w)du

/t eue2(t7u)du
0

t
= e2t/ e "“du

0

=¥ [—e'+1] = e —el

One can also confirm this by carrying out a partial fraction decomposition.

Example 5.5.2

Consider the initial value problem, "/ 4+ 9y = 2sin 3t y(0) = 1,y’(0) = 0. The Laplace transform of this problem is given by

6
2

9)Y —s=——
(s +9) FT 9
Solving for Y'(s), we obtain

_ 6 i s
(s249)° s2+9

Y(s)

The inverse Laplace transform of the second term is easily found as cos(3t); however, the first term is more complicated.
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We can use the Convolution Theorem to find the Laplace transform of the first term. We note that

6 2 3 3

(s249)2 3 (s24+9) (s2+9)

is a product of two Laplace transforms (up to the constant factor).

Thus,

! [ﬁ] = 2(fe9)0)

where f(t) = g(t) = sin 3¢. Evaluating this convolution product, we have

<]
(s2+9)?

2 (Fa)0)

2 t
= / sin 3usin3(t — u)du
3 Jo

(5.5.4)

1 t
3 / [cos 3(2u — t) — cos 3t]du
0

t

171
- {Esm(Gu —3t) —ucos3t

3 0

1 1
§sin 3t — gt cos 3t
Combining this with the inverse transform of the second term of Y (s), the solution to the initial value problem is
1 1 .
y(t) = —Et cos 3t + gsin 3t + cos 3t

Note that the amplitude of the solution will grow in time from the first term. You can see this in Figure 5.5.1. This is known as
a resonance.

-2+

Figure 5.5.1: Plot of the solution to Example 5.5.2 showing a resonance.

@IOIC]E) 229 (5.5.3)



LibreTextS“'
Example 5.5.3

Find £7! [ using partial fraction decomposition.

U
(s249)°

If we look at Table 5 - 2, we see that the Laplace transform pairs with the denominator (s + w2)2 are

2
Lltsinwt] = LQ
(82 4+ w?)
and
2_ .2
Lt coswt] = e 5
(52 + )

So, we might consider rewriting a partial fraction decomposition as

6  A6s +B(5279) Cs+ D
(s2+9)%  (s2+9)%  (s2+49)° s249

Combining the terms on the right over a common denominator, we find
6 =6As+ B(s*—9) + (Cs+ D) (s> +9)
Collecting like powers of s, we have
Cs®+ (D+ B)s*>+6As+ (D—B) =6
Therefore, C=0,A=0,D+B=0,and D — B= % Solving the last two equations, we find D = —B= —.

Using these results, we find

6 1 (=9 1 1

(s2+9)° 3 (s2+9)° 38249

This is the result we had obtained in the last example using the Convolution Theorem.

This page titled 5.5: The Convolution Theorem is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.
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5.6: Systems of ODEs

LAPACE TRANSFORMS ARE ALSO USEFUL for solving systems of differential equations. We will study linear systems of
differential equation in Chapter 6. For now, we will just look at simple examples of the application of Laplace transforms.

An example of a system of two differential equations for two unknown functions, z(¢) and y(t), is given by the pair of coupled
differential equations

' =3z +4y
) (5.6.1)
Yy =2x+y

Neither equation can be solved on its own without knowledge of the other unknown function. This is why they are called couple.
We will also need initial values for the system. We will choose z(0) = 1 and y(0) = 0.

Now, what would happen if we were to take the Laplace transform of each equation? We can apply the rules as before. Letting the
Laplace transforms of z(t) and y(¢) be X(¢) and Y (¢), respectively, we have
sX —1=3X+4Y,

(5.6.2)
sY =2X +7.

We have obtained a system of algebraic equations for X and Y. Using standard methods, like Cramer’'s Method, we can solve this
system of two equations and two unknowns. First, we rewrite the equations as
(s—3)X —4Y =1

(5.6.3)
22X+ (s—1)Y =0

Using Cramer’s (determinant) Rule for solving such systems, we have

s—3 1
-2 0
s—3 —4
-2 s—-1

) Y =

-2 s—1

Note that the denominator in each solution is a 2 x 2 determinant consisting of the coefficients of X and Y in the appropriate
order. The numerators are the same determinant but with the right-hand side of the equation replacing the respective columns.

Computing the determinants, using

a b
=ad — bc
c
we have
o 1 v 2
(s—3)(s—1)—38 (s—3)(s—1)—38
or
¥ s—1 Cy= 2
s2—4s—5 s2—4s—5

We now know the Laplace transforms of the solutions, so a simple inverse Laplace transform is in order. The denominators are
the same,

s2—4s—5=(s—5)(s+1)
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We can apply a partial fraction decomposition to each function to obtain

s—1
(s—5)(s+1)
_ s—5+4
 (s—5)(s+1)

1
RIPE P TP

1 21 1 1
:s+1+§ 5—578-‘1-1]
2 1 1 1
25875 §s+1
B 2
 (s—5)(s+1)

_1[1 1]
T 31ls—5 s+1

So, the solutions to the system of differential equations is given by

X =

IS

J’_

2 1
(t) = Zedt+ —et

x
3 3
y(t) — l (eSt o e—t)
3

We can verify that z(0) = 1 and y(0) = 0.

= —e"— =
3 3
4
3z + 4y = (265t + eft) + 3 ( St eft)
_ 105 1
~ 3 T3
1
y = 3e5t+§eft
4 2 1
9 _(Z 5t _4) Lot —t
T +y (36 +3e +3( e )
5 1
:365t+§e—t

Example 5.6.1

Determine the current in Figure 5.6.1 for the following values: i, (0) = i2(0) = i3(0) = 0 and

Vo, 0 S t S 30
v(t) =
0, otherwise

Kirchoff's Point(Junction) Rule indicates that i; = i + 5.
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2 ! L

o[ T ) 1 >Ry

I P I

Figure 5.6.1: A circuit with two loops containing two resistors and two inductors in parallel.

In order to apply Kirchoff's Loop Rule, we need totally the potential drops and rises. For resistors, these come from Ohm'’s
. . di
Law, v = ¢R, and for inductors, this comes from Faraday’s Law, v = Ld—z. For the left loop (2), we have

ing = Ryiy
where the prime denotes the time derivative. For the right loop (1), we have
Llli + R1i2 + Rgil = U(t)

We can use the Point Rule to eliminate one of the currents, i, = i; — i3, leaving the model as two first order differential
equations,

Lgié — Ry (i1 — ig) =0
Llii + Ry (il — ig) + Ryt = ’U(t)

Lyiy — Ryiy + Ryiz = 0
Lyi} + (Ry + Ry) i1 — Ruiz = vo(1 — H(t — 3))

where H(t) is the Heaviside function.
Taking the Laplace transform, assuming that i;(0) = i2(0) = 0, we obtain the algebraic system of equations
7R1.[1 + (8L2 + Rl) .[3 =0
(sLi+ Ry + Ry) [ — Ryl = % (1—e3)
Here I;(s) and I5(s) are the Laplace transforms of i;(¢) and i5(t), respectively.

As before, we use Cramer’s Rule to find the solutions.
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0 sLo + Ry

”5—0 (1—e3) —R

—R; sLo+ Ry

sLi+ R+ Ry —R;
_ —vo (SL2 - Rl) (1 — 6738)

s [R% — (SL2 + Rl) (8L1 + Ry + Rg)]
. Vo (SL2 + Rl) (1 — 6735)

s[(L1L2) 8?2 + (R1L1 + Ly (R + R2)) s + RiRs)

(5.6.5)

—R, 0

sLi+ Ry + Ry % (1—e3)

—Ry sLo + Ry

sLi+ R+ Ry —R;
vo Ry (1 = 6735)
S [R% — (SL2 TP Rl) (8L1 TP R1 TP Rg)]

. —voRq (1 = 6735)
B S [(LILZ) 52+ (R1L1 + Loy (R1 + Rz)) s+ RlRQ] ’

The denominator in these expressions cannot be factored. So, to make any further progress, one needs specific values for
the constants. Let Ry = 2.002, R, = 18.02, L, = 48.0H, L, = 6.00H. and vy, = 18 V. Then,

3s+1 _3
[ =— 2" (1 _e3s
! s(2s+1)(4s+1) (1=e™)

_ 1 _ 6735
L= @iy O )

Using partial fractions on the coefficient of (1 — e~3%), we find that

. x4 E L
s(2s+1)(4s+1) s 4s+1 2s+1
1 18 L 2
s(2s+1)(4s+1) s 4s+1  2s+1
This gives
R 11 iy
I = S 25+l 2s+l (1—e)
4 2
— 1 2 1 —3s
13— —;4‘ +1 _ +1)(16 )
STy Ty
Taking the inverse Laplace transform, we find the solutions
1 t 1 t 1 t—3 1 t—3
i=1——e 4 ——¢ 2 —1+-e 4 Ze 2 |H¢t-3
i1 5 5 + +2€ +2e ( )

234 (5.6.4)
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Figure 5.6.2: A plot of the currents vs time for Example 5.6.1 with the voltage v(t) = vo(1 — H(¢t — 3)). The taller curve represents i; and the
other curve is —i3.

t t t—3 t—3

is=—1+2% 4—e 2+ [1-2 4 +e 2 |HE-3).

¢ ¢
—1+2 4 —¢ 2, t<3

= 3 t 3 t
2{1—ed4 e 4 —[1-c2 |e 2, t>3

In Figure 5.6.2, we plot the currnts i; and the other curve is —i is negative, indicating a flow in reverse of the direction in
Figure 5.6.1. Not the sudden change in i[1] at ¢ = 3, the time that the voltage is turned on.

One can easily change the time that the voltage is applied. Namely, if

Vo, 0 <t< t()
v(t) =
0, otherwise

then the solutions are given by

t t t—1tp t—1o
ig=—1+2 4 —e 2 +|1—2¢ 4 +e 2 H(t—to)
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0.91
0.81
0.7 1
0.6 1

i(t) 057
0.41
0.3 1
0.21
0.1

0 5 10 15 20
t

o

Figure 5.6.3: A plot of the currents vs time for Example 5.6.1 for the voltage given by v(t) = vo(1 — H(t — 10)). The taller curve represents i,
and the other curve is —i3

A plot of the currents for ¢, = 10 are shown in Figure 5.6.3.

This page titled 5.6: Systems of ODEs is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman
via source content that was edited to the style and standards of the LibreTexts platform.
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5.7: Problems

Problems

1.

N

-~ TQ w0 Q20T

Find the Laplace transform of the following functions:

ft)=t2H(t —1).

Missing or unrecognized delimiter for \right

ft) = fot (t — u)? sin udu.

ft) = f(f cosh udu.

f(t) = (t 4+ 5)? + te? cos 3t and write the answer in the simplest form.

Find the inverse Laplace transform of the following functions using the properties of Laplace transforms and the table of
Laplace transform pairs.

F(s)= =+~
F(s) = —— —
F(s) =
Fs) =

Fls) = —.

F(s) = -
F(s) =

F(s) =

s24+4s—5
s2+8s+ 17"

Use Laplace transforms to solve the following initial value problems. Where possible, describe the solution behavior in terms
of oscillation and decay.

a. ¥y’ —5y +6y=0,y(0)=2,4(0)=0

b. ¥ +2y +5y=0,y(0)=1,9(0)=0.

c. Y’ —y=te y(0)=0,y(0)=1.

d. vy’ —3y —4dy=1t%y(0)=2,9(0)=1.

e. y” =3y —2y=-e’ y(0)=1,4(0)=0.
Use Laplace transforms to solve the following initial value problems. Where possible, describe the solution behavior in terms
of oscillation and decay.

a. y' +4y=46(t—1),y(0)=3,9(0)=0

b. v’ —4y +13y=4(t —1),y(0) =0,4'(0) = 2.

c. y’ +6y +18y=2H(w—t),y(0) =0,y (0) = 0.

d. v’ +4y= f(t),y(0) = 1,4’ (0) = 0, where \(f(t)=\left\{\begin{array}{cc}1, & O1\end{array}\right\).
For the following problems, draw the given function and find the Laplace transform in closed form.
a. f(t)=1+>0%, (~1)"H(t —n).

b. f(t)=> 02 JH(t —2n+1) — H(t — 2n)].

n=0
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Ft) =S (¢ — 2n)[H(t — 2n) — H(t — 2n —1)]

NgE

I
o

n

+> @n+2—t)[H(t—2n—1) — H(t — 2n — 2)]
6. The period, T, and the function defined on its first period are given. Sketch several periods of these periodic functions. Make
use of the periodicity to find the Laplace transform of each function.
a. f(t)=sint,T = 2m.
b. f(t)=t,T=1.
C. Missing or unrecognized delimiter for \right
d. f(t)=t[H({t)—H({t—-1),T=2.
e. f(t)=sint[H(t) — H(t—m)],T
7. Compute the convolution (f * g)(¢ ) (m the Laplace transform sense) and its corresponding Laplace transform £[f * g] for the
following functions:

a. f(t)=t*g(t)="1t’
b. f(t)=1t% g(t) = cos2t.
c. f(t)=3t2—2t4+1,9(t) =e 3.
d. f(t)=4¢ (t - %) ,g(t) = sin 5t.
8. Use the Convolution Theorem to compute the inverse transform of the following:
2

a. F(s)=

©) = e

—3s
b. F(s)=
1

c. F(s)=

s(s2+2s+5)
9. Find the inverse Laplace transform in two different ways: (i) Use tables. (ii) Use the Convolution Theorem.

1
. F(s) = —4——.
2 (s) s3(s+4)2
s+3
C. F(S) = Ww.
S
d F(s)= ————+.
(s) (s — 2)22(3 +4)
e Fs)= $°+8s—3

(s24+25+1)(s2+1)°
10. A linear Volterra integral equation, introduced by Vito Volterra ( 1860 — 1940), is of the form

t
y(t) = f() + | Kt —7)y(r)dr
0
where y(t) is an unknown function and f(¢) and the "kernel," K(¢), are given functions. The integral is in the form of a convolution
integral and such equations can be solved using Laplace transforms. Solve the following Volterra integral equations.

y(t) =et + fo cos( t —1)y(T)dr
y(t) =t — fo (t — 7)y(r)dr.
y(t)=t+2[ge Ty )dT

sint f(f e y(r )dT Note: This is a Volterra integral equation of the first kind.

e npoo

11. Use Laplace transforms to convert the following system of differential equations into an algebraic system and find the
solution of the differential equations.

17

z” =3x—6y, z(0) =1

17

vy’ =z+4y, oy (0)=0, y'(0) =0

H\
=
o
=
I
o

12. Use Laplace transforms to convert the following nonhomogeneous systems of differential equations into an algebraic system
and find the solutions of the differential equations.

' =2z +3y+2sin2t, z(0)=1
y' =-3z+2y, y(0)=0
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' =—dx—y+el, z(0)=2
v =z —2y+2e7% y(0)=-1
x' =z —y+2cost, z(0)=3
y =z +y—3sint, y(0)=2

13. Redo Example 5.19 using the values R; =1.00Q,R, =140Q,L; =080 H,L, =1.00H. and vy =100V in o(t)
=g (1 — H (t — tp)). Plot the currents as a function of time for several values of ¢,.

This page titled 5.7: Problems is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman via
source content that was edited to the style and standards of the LibreTexts platform.
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6: LINEAR SYSTEMS

"Do not worry too much about your difficulties in mathematics, I can assure you that mine are still greater." - Albert Einstein ( 1879
—1955)
6.1: Linear Systems

6.2: Applications
6.2.1: Mass-Spring Systems
6.2.2: Circuits
6.2.3: Mixture Problems
6.2.4: Chemical Kinetics
6.2.5: Predator Prey Models
6.2.6: Love Affairs
6.2.7: Epidemics

6.3: Matrix Formulation

6.4: Eigenvalue Problems

6.5: Solving Constant Coefficient Systems in 2D

6.6: Examples of the Matrix Method

6.7: Theory of Homogeneous Constant Coefficient Systems
6.8: Nonhomogeneous Systems

6.9: Problems

This page titled 6: Linear Systems is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman
via source content that was edited to the style and standards of the LibreTexts platform.
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6.1: Linear Systems

6.1.1: Coupled Oscillators

IN SECTION 3.5 WE SAW THAT the numerical solution of second order equations, or higher, can be cast into systems of first
order equations. Such systems are typically coupled in the sense that the solution of at least one of the equations in the system
depends on knowing one of the other solutions in the system. In many physical systems this coupling takes place naturally. We
will introduce a simple model in this section to illustrate the coupling of simple oscillators.

There are many problems in physics that result in systems of equations. This is because the most basic law of physics is given by
Newton’s Second Law, which states that if a body experiences a net force, it will accelerate. Thus,

ZFzma

m

l
/
/

7 A1 1 A1 AAANARNNNNNNNY

-~
<~

Figure 6.1.1: Spring-Mass system.

Since a = % we have a system of second order differential equations in general for three dimensional problems, or one second
order differential equation for one dimensional problems for a single mass.

We have already seen the simple problem of a mass on a spring as shown in Figure 2.1. Recall that the net force in this case is
the restoring force of the spring given by Hooke’s Law,

Fg = —kx

where k > 0 is the spring constant and z is the elongation of the spring. When the spring constant is positive, the spring force is
negative and when the spring constant is negative the spring force is positive. The equation for simple harmonic motion for the
mass-spring system was found to be given by

mi+kxr=0

This second order equation can be written as a system of two first order equations in terms of the unknown position and velocity.
We first set y = @. Noting that & = g, we rewrite the second order equation in terms of = and g. Thus, we have

k (6.1.1)
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One can look at more complicated spring-mass systems. Consider two blocks attached with two springs as in Figure 6.1.2. In this
case we apply Newton’s second law for each block. We will designate the elongations of each spring from equilibrium as z; and
x9. These are shown in Figure 6.1.2.

For mass m;, the forces acting on it are due to each spring. The first spring with spring constant k; provides a force on m; of
—k1z1. The second spring is stretched, or compressed, based upon the relative locations of the two masses. So, the second spring
will exert a force on m; of kg (x2 — x1).

my my

k1 ky
- -

PooXg DX

Figure 6.1.2: System of two masses and two springs.

Similarly, the only force acting directly on mass m; is provided by the restoring force from spring 2 . So, that force is given by
—ko (9 — z1). The reader should think about the signs in each case.

Putting this all together, we apply Newton’s Second Law to both masses. We obtain the two equations

miZ1 = —kix1 + ko (:L'Q — xl) (6 1 2)
mady = —ky (T2 — 1) -

Thus, we see that we have a coupled system of two second order differential equations. Each equation depends on the unknowns
z1 and xz,.

One can rewrite this system of two second order equations as a system of four first order equations by letting z3 = ©; and z4 = @»
. This leads to the system

.Z"l = X3
Ty = T4
k1 ko
T3 = *m—lwl + m_1 (xg — 1) (6.1.3)
ko
Ty = _m_2 (552 - ﬁUl)

As we will see in the next chapter, this system can be written more compactly in matrix form:
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0 0 1 0
o 0 0 0 1 e
da| * — k1 + ko ko T2
dt - — 00
xs3 mi mq x3
Z4 ﬂ _ﬂ 0 0 Z4
mo mo

We can solve this system of first order equations using matrix methods. However, we will first need to recall a few things from
linear algebra. This will be done in the next chapter. For now, we will return to simpler systems and explore the behavior of typical
solutions in planar systems.

6.1.2: Planar Systems

We NOW CONSIDER EXAMPLES of solving a coupled system of first order differential equations in the plane. We will focus on
the theory of linear systems with constant coefficients. Understanding these simple systems will help in the study of nonlinear
systems, which contain much more interesting behaviors, such as the onset of chaos. In the next chapter we will return to these
systems and describe a matrix approach to obtaining the solutions.

A general form for first order systems in the plane is given by a system of two equations for unknowns z(t) and y(t) :

) (6.1.4)
y' () = Q(z,y,t)
An autonomous system is one in which there is no explicit time dependence:
Autonomous systems.
2’ (t) = P(z,y
/( )= Pla.y) (6.1.5)
y'(t) = Q(z,y)
Otherwise the system is called nonautonomous.
A linear system takes the form
2’ =a(t)x +b(t)y + et
= otz + b0y +elt) 6.16)
Y =c(t)r +dt)y + f(t)
A homogeneous linear system results when e(t) = 0 and f(¢) = 0.
A linear, constant coefficient system of first order differential equations is given by
' =ar+by+te
, (6.1.7)
Yy =cx+dy+f
A linear, homogeneous system of constant coefficient first order differential equations in the plane.
We will focus on linear, homogeneous systems of constant coefficient first order differential equations:
x' =azx+by
(6.1.8)
Yy = cx + dy.

As we will see later, such systems can result by a simple translation of the unknown functions. These equations are said to be
coupled if either b £ 0 or ¢ £ 0.

We begin by noting that the system Equation 6.1.9 can be rewritten as a second order constant coefficient linear differential
equation, which we already know how to solve. We differentiate the first equation in system Equation 6.1.9 and systematically
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. . . 1
replace occurrences of y and 3/, since we also know from the first equation that y = 3 (z” — az). Thus, we have

z" = ax’ + by
= ax’ + b(cx + dy) (6.1.9)
=az’ +bcx +d(z' —ax)

Rewriting the last line, we have
z"” —(a+d)z" + (ad — bc)z =0

This is a linear, homogeneous, constant coefficient ordinary differential equation. We know that we can solve this by first looking
at the roots of the characteristic equation

r?—(a+d)r+ad—bc=0
and writing down the appropriate general solution for z(¢). Then we can find y(¢) using

Equation 6.1.9:

7

y=%(x —ax)

We now demonstrate this for a specific example.

Example 6.1.1

Consider the system of differential equations

z' = —z+ 6y
(6.1.10)
7
y =z—2y
Carrying out the above outlined steps, we have that z’/ + 3z’ — 4z = 0. This can be shown as follows:
LIJ/, — 7:1;/ + Gy'
=—z' +6(z —2y)
’ 6.1.11
:—a:’—i—(jcc—lQ(ﬁj —l—x) ( )
= 32" +4zx

The resulting differential equation has a characteristic equation of 2 + 3r — 4 = 0. The roots of this equation are r = 1, —4.
Therefore, z(t) = cie’ + coe . But, we still need y(t). From the first equation of the system we have

1, 1 _
y(t) = 5 (' +x)= 5 (261€t — 3cqe 41)

Thus, the solution to the system is
z(t) = cret + coe

1 1 (6.1.12)
y(t) = gclet — 50267415

Sometimes one needs initial conditions. For these systems we would specify conditions like z(0) = z( and y(0) = y,. These would
allow the determination of the arbitrary constants as before.

Solving systems with initial conditions.
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Example 6.1.2

Solve
z' = —z + 6y
Yy =z-2y
given z(0) = 2,y(0) = 0.

We already have the general solution of this system in Equation 6.1.15. Inserting the initial conditions, we have

2=c+c

0 1 1

=—c]— —C¢C
31T 9%

Solving for c¢; and ¢, gives ¢; = 6/5 and ¢, = 4/5. Therefore, the solution of the initial value problem is
2 t —4t
z(t) = B (3e" +2¢7*)

y 1) =2 (¢ —c*)

6.1.3: Equilibrium Solutions and Nearby Behaviors

(6.1.13)

(6.1.14)

(6.1.15)

IN STUDYING SYSTEMS OF DIFFERENTIAL EQUATIONS, it is often useful to study the behavior of solutions without obtaining an
algebraic form for the solution. This is done by exploring equilibrium solutions and solutions nearby equilibrium solutions. Such

techniques will be seen to be useful later in studying nonlinear systems.

We begin this section by studying equilibrium solutions of system Equation 6.1.8. For equilibrium solutions the system does not
change in time. Therefore, equilibrium solutions satisfy the equations =z’ =0 and 3’ = 0. Of course, this can only happen for

constant solutions. Let zy and yy be the (constant) equilibrium solutions. Then, zy and y, must satisfy the system

Equilibrium solutions.

0=azxo+byy+e
0=cxo+dyo+ f

(6.1.16)

This is a linear system of nhonhomogeneous algebraic equations. One only has a unique solution when the determinant of the

system is not zero, i.e,, ad — bc # 0. Using Cramer’s (determinant) Rule for solving such systems, we have

e b a e

fd‘ c f
= b |’ o= a b

c d‘ c d‘

If the system is homogeneous, e = f = 0, then we have that the origin is the equilibrium solution; i.e., (zo,y0) = (0,0). Often we
will have this case since one can always make a change of coordinates from (z,y) to (u,v) by u = x — 2y and v =y — yo. Then, u,

:1}0:0.

Next we are interested in the behavior of solutions near the equilibrium solutions. Later this behavior will be useful in analyzing

more complicated nonlinear systems. We will look at some simple systems that are readily solved.
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Example 6.1.3: Stable Node (sink)

Consider the system
(6.1.17)

This is a simple uncoupled system. Each equation is simply solved to give

z(t) = cre™® and y(t) = coe?

In this case we see that all solutions tend towards the equilibrium point, (0, 0). This will be called a stable node, or a sink.

Before looking at other types of solutions, we will explore the stable node in the above example. There are several methods of
looking at the behavior of solutions. We can look at solution plots of the dependent versus the independent variables, or we can
look in the zy-plane at the parametric curves (z(t), y(t)).

(=00

Figure 6.1.3: Plots of solutions of Example 6.1.3 for several initial conditions.

Solution Plots: One can plot each solution as a function of ¢ given a set of initial conditions. Examples are shown in Figure 6.1.3
for several initial conditions. Note that the solutions decay for large t. Special cases result for various initial conditions. Note that
for t = 0,z(0) = ¢; and y(0) = co. (Of course, one can provide initial conditions at any ¢ = ¢,. It is generally easier to pick t = 0 in
our general explanations.) If we pick an initial condition with ¢; = 0, then z(¢) = 0 for all t. One obtains similar results when setting
y(0) = 0.

Phase Portrait: There are other types of plots which can provide additional information about the solutions even if we cannot
find the exact solutions as we can for these simple examples. In particular, one can consider the solutions z(t) and y(t) as the
coordinates along a parameterized path, or curve, in the plane: r = (z(t), y(t)) Such curves are called trajectories or orbits. The
zy-plane is called the phase plane and a collection of such orbits gives a phase portrait for the family of solutions of the given
system.

One method for determining the equations of the orbits in the phase plane is to eliminate the parameter ¢t between the known
solutions to get a relationship between z and y. Since the solutions are known for the last example, we can do this, since the
solutions are known. In particular, we have

y\2
T = 6167% =qC (—) = Ay2.
C2

Another way to obtain information about the orbits comes from noting that the slopes of the orbits in the zy-plane are given by
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dy/dx. For autonomous systems, we can write this slope just in terms of = and y. This leads to a first order differential equation,
which possibly could be solved analytically or numerically.

First we will obtain the orbits for Example 6.1.3 by solving the corresponding slope equation. Recall that for trajectories defined
parametrically by x = z(t) and y = y(t), we have from the Chain Rule for y = y(z(t)) that

dy _ dy dv
dt  dzx dt
Therefore,
The Slope of a parametric curve.
dy
dy _ dt
dx dx
dt

For the system in Equation 6.1.21 we use Equation 6.1.22 to obtain the equation for the slope at a point on the orbit:

dy _y

dr ~ 2z

The general solution of this first order differential equation is found using
separation of variables as = = Ay? for A an arbitrary constant. Plots of these solutions in the phase plane are given in Figure 6.1.4
. [Note that this is the same form for the orbits that we had obtained above by eliminating ¢ from the solution of the system.]

3_

Figure 6.1.4: Orbits for Example 6.1.3.

Once one has solutions to differential equations, we often are interested in the long time behavior of the solutions. Given a
particular initial condition (z¢, yo), how does the solution behave as time increases? For orbits near an equilibrium solution, do
the solutions tend towards, or away from, the equilibrium point? The answer is obvious when one has the exact solutions z(¢) and
y(t). However, this is not always the case.

Let’s consider the above example for initial conditions in the first quadrant of the phase plane. For a point in the first quadrant
we have that

dz/dt = -2z <0
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Figure 6.1.5: Sketch of tangent vectors using Example 6.1.3.
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Figure 6.1.6: Direction field for Example 6.1.3
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Figure 6.1.7: Phase portrait for Example 6.1.3. This is a stable node, or sink.

meaning that as t — oo, z(t) get more negative. Similarly,
dy/dt = —y <0

indicating that y(¢) is also getting smaller for this problem. Thus, these orbits tend towards the origin as ¢ — co. This qualitative
information was obtained without relying on the known solutions to the problem.

Direction Fields: Another way to determine the behavior of the solutions of the system of differential equations is to draw the
direction field. A direction field is a vector field in which one plots arrows in the direction of tangents to the orbits at selected
points in the plane. This is done because the slopes of the tangent lines are given by dy/dx. For the general system Equation 6.1.9
, the slope is

ﬁ, cx +dy

dx ax + by

This is a first order differential equation which can be solved as we show in the following examples.

Example 6.1.4

Draw the direction field for Example 6.1.3.

We can use software to draw direction fields. However, one can sketch these fields by hand. We have that the slope of the
tangent at this point is given by

y_ =y _ Y

dx —2x 2x

For each point in the plane one draws a piece of tangent line with this slope. In Figure 6.1.5 we show a few of these. For (z, y)
= (1,1) the slope is dy/dz = 1/2. So, we draw an arrow with slope 1/2 at this point. From system Equation 6.1.21, we have that
z’ and y’ are both negative at this point. Therefore, the vector points down and to the left.

We can do this for several points, as shown in Figure 6.1.5. Sometimes one can quickly sketch vectors with the same slope.
For this example, when y = 0, the slope is zero and when z = 0 the slope is infinite. So, several vectors can be provided. Such

. . . . d
vectors are tangent to curves known as isoclines in which d—y = constant.
i

It is often difficult to provide an accurate sketch of a direction field. Computer software can be used to provide a better rendition.
For Example 6.1.3 the direction field is shown in Figure 6.1.6. Looking at this direction field, one can begin to "see" the orbits by
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following the tangent vectors.

Of course, one can superimpose the orbits on the direction field. This is shown in Figure 6.1.7. Are these the patterns you saw in
Figure 6.1.6?

In this example we see all orbits "flow" towards the origin, or equilibrium point. Again, this is an example of what is called a stable
node or a sink. (Imagine what happens to the water in a sink when the drain is unplugged.)

This is another uncoupled system. The solutions are again simply gotten by integration. We have that z(t) = cie™ and y(t) = cqe’.
Here we have that x decays as t gets large and y increases as t gets large. In particular, if one picks initial conditions with cs = 0
, then orbits follow the z-axis towards the origin. For initial points with ¢; = 0, orbits originating on the y-axis will flow away from
the origin. Of course, in these cases the origin is an equilibrium point and once at equilibrium, one remains there.

In fact, there is only one line on which to pick initial conditions such that the orbit leads towards the equilibrium point. No matter
how small ¢, is, sooner, or later, the exponential growth term will dominate the solution. One can see this behavior in Figure 6.1.8
\).

Example 6.1.5: Saddle

Consider the system

(6.1.18)

Similar to the first example, we can look at plots of solutions orbits in the phase plane. These are given by Figures 6.1.8
— 6.1.9. The orbits can be obtained from the system as

dy _ dy/dt _ _y

dr ~ dz/dt

L A . . . .
The solution is y = e For different values of A #+ 0 we obtain a family of hyperbolae. These are the same curves one might

obtain for the level curves of a surface known as a saddle surface, z = zy. Thus, this type of equilibrium point is classified as
a saddle point. From the phase portrait we can verify that there are many orbits that lead away from the origin (equilibrium
point), but there is one line of initial conditions that leads to the origin and that is the z-axis. In this case, the line of initial
conditions is given by the z-axis.

401

207

-40

— X(t) ..... y(t)

Figure 6.1.8: Plots of solutions of Example 6.1.5 for several initial conditions.
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Figure 6.1.9: Phase portrait for Example 6.1.5. This is a saddle.

Example 6.1.6: Unstable Node (source)

(6.1.19)

This example is similar to Example 6.1.3. The solutions are obtained by replacing ¢t with —t. The solutions, orbits, and direction
fields can be seen in Figures 6.1.10 — 6.1.11. This is once again a node, but all orbits lead away from the equilibrium point. It
is called an unstable node or a source.

Example 6.1.7: Center

(6.1.20)

This system is a simple, coupled system. Neither equation can be solved without some information about the other unknown
function. However, we can differentiate the first equation and use the second equation to obtain

17

" +x=0

We recognize this equation as one that appears in the study of simple harmonic motion. The solutions are pure sinusoidal
oscillations:

x(t) = cycost + cysint, y(t) = —cysint + cocost

In the phase plane the trajectories can be determined either by looking at the direction field, or solving the first order
equation

dy_ T

dx y
Performing a separation of variables and integrating, we find that
24yt =C

Thus, we have a family of circles for C' > 0. (Can you prove this using the general solution?) Looking at the results graphically
in Figures 6.1.12 — 6.1.13 confirms this result. This type of point is called a center.
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Figure 6.1.11: Phase portrait for Example 6.1.6, an unstable node or source.
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Figure 6.1.13: Phase portrait for Example 6.1.7, a center.

Example 6.1.8: Focus (spiral)

2 =oaz+
Y (6.1.21)

Yy =-—z
In this example, we will see an additional set of behaviors of equilibrium points in planar systems. We have added one
term, az, to the system in Example 6.1.7. We will consider the effects for two specific values of the parameter: o = 0.1, —0.2
. The resulting behaviors are shown in the Figures 6.15-6.18. We see orbits that look like spirals. These orbits are stable and
unstable spirals (or foci, the plural of focus.)

We can understand these behaviors by once again relating the system of first order differential equations to a second order
differential equation. Using the usual method for obtaining a second order equation form a system, we find that z(t) satisfies
the differential equation

2’ —azr’'+2=0
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We recall from our first course that this is a form of damped simple harmonic motion. The characteristic equation is 2 — ar
+ 1 = 0. The solution of this quadratic equation is

a++Vva?—4
2

r=

There are five special cases to consider as shown in the below classification.

—x® - )

Figure 6.1.14: Plots of solutions of Example 6.1.8 for several initial conditions, a = —0.2.

—_— () ',',(0

Figure 6.1.15: Plots of solutions of Extion is coupled. ample 6.1.8 for several initial conditions, a = 0.1.
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Figure 6.1.16: Phase portrait for 6.1.9. This is a degenerate node.

Classification of Solutions of z”/ —ax’ +z =0

1. «a = —2. There is one real solution. This case is called critical damping since the solution » = —1 leads to exponential decay.
The solution is z(t) = (c; + cat) e ™.

2. a < —2. There are two real, negative solutions, r = —u, —v, u, v > 0. The solution is z(t) = c1e™* + c3e™. In this case we have
what is called overdamped motion. There are no oscillations

V4 — a?

3. —2 < a <0. There are two complex conjugate solutions r = a/2 4 i3 with real part less than zero and 3 = — The

solution is x(t) = (c; cos Bt + casin ft) e*/2. Since a < 0, this consists of a decaying exponential times oscillations. This is
often called an underdamped oscillation.

a = 0. This leads to simple harmonic motion.

0 < a < 2. This is similar to the underdamped case, except a > 0. The solutions are growing oscillations.

a = 2. There is one real solution. The solution is z(t) = (c; + cat) e'. It leads to unbounded growth in time.

For a > 2. There are two real, positive solutions r = u, v > 0. The solution is z(t) = c1e” + cpe™, which grows in time.

NOo ok

For a < 0 the solutions are losing energy, so the solutions can oscillate with a diminishing amplitude. (See Figure 6.14.) For «
> 0, there is a growth in the amplitude, which is not typical. (See Figure 6.15.) Of course, there can be overdamped motion if the
magnitude of a is too large.

Example 6.1.9: Degenerate Node

For this example, we will write out the solutions. It is a coupled system for which only the second equation is coupled.
(6.1.22)

There are two possible approaches:
a. We could solve the first equation to this solution into the second equation, we
y +y=—2ce”’

This is a relatively simple linear first order equation for y = y(¢). The integrating factor is p = ef. The solution is found as
Missing or unrecognized delimiter for \right . 2¢1t) et

b. Another method would be to proceed to rewrite this as a second order equation. Computing =’/ does not get us very far.
So, we look at
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(6.1.23)

Therefore, ysatisfies
Yy’ +2y +y=0
The characteristic equation has one real root, r = —1. So, we write
y(t) = (k1 +kat)e™

This is a stable degenerate node. Combining this with the solution z(t) = cie~f, we can show that y(t) = (cz — 2c1t) et as
before.

In Figure 6.1.16 we see several orbits in this system. It differs from the stable node show in Figure 6.1.4 in that there is only
one direction along which the orbits approach the origin instead of two. If one picks c¢; = 0, then z(¢t) = 0 and y(t) = coe".
This leads to orbits running along the y-axis as seen in the figure.

Figure 6.1.17: Phase portrait for Example 6.1.8 with o = —0.2. This is a stable focus, or spiral.
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Figure 6.1.18: Phase portrait for Example 6.1.9. This is a degenerate node.
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Figure 6.1.19: Plots of direction field of Example 6.1.10.

Example 6.1.10: A Line of Equilibria, Zero Root

x =2r—vy

y =—-2z+y
In this last example, we have a coupled set of equations. We rewrite it as a second order differential equation:

x// — 2%’ _ y/
=2z — (—2z +y)
=2z + 2z + (z' — 2z) = 3z’

So, the second order equation is
-3z =0

and the characteristic equation is 0 = r(r — 3). This gives the general solution as
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z(t) = c1 + coe®
and thus
y=2z—a =2(c1 + cze3t) — (30263t) = 2¢; — coe’t

In Figure 6.19 we show the direction field. The constant slope field seen in this example is confirmed by a simple
computation:

dy —2x+y

dx 2r —y

Furthermore, looking at initial conditions with y = 2z, we have at t = 0,
26176222(01+62) = co =0

Therefore, points on this line remain on this line forever, (z,y) = (c1,2¢1). This line of fixed points is called a line of equilibria.

6.1.4: Polar Representation of Spirals

IN THE EXAMPLES WITH A CENTER OR A SPIRAL, one might be able to write the solutions in polar coordinates. Recall that a
point in the plane can be described by either Cartesian (z,y) or polar (r,8) coordinates. Given the polar form, one can find the
Cartesian components using

x =rcosf and y = rsiné

Given the Cartesian coordinates, one can find the polar coordinates using

r? =22 +y? and tand = Y
T

Since z and y are functions of ¢, then naturally we can think of r and € as functions of ¢. Converting a system of equations in the
plane for z’ and ¢’ to polar form requires knowing r’ and ¢’. So, we first find expressions for v’ and 6’ in terms of z’ and y/’.

Differentiating the first equation in Equation 6.1.31 gives
rr’ =zx’ +yy'.
Inserting the expressions for z’ and 3’ from system 6.1.9, we have
rr’ = z(az + by) + y(cx + dy)
In some cases this may be written entirely in terms of »’ s. Similarly, we have that

0 - xy’ —yz’
=2

which the reader can prove for homework.

In summary, when converting first order equations from rectangular to polar form, one needs the relations below.

Derivatives of Polar Variables

,xx’ oy
r=—

o (6.1.26)
P .
‘A
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Example 6.1.11

Rewrite the following system in the resulting system.

2’ =azx+by
(6.1.27)
y = —bx + ay.

We first compute »’ and 6’ :
rr’ =z’ +yy' = z(az + by) + y(=bz + ay) = ar’
2

0’ = xy’ —yz’ = x(—bzx + ay) — y(az + by) = —br’.

This leads to simpler system

(6.1.28)

This system is uncoupled. The second equation in this system indicates that we traverse the orbit at a constant rate in the
clockwise direction. Solving these equations, we have that r(t) = rge™,  6(t) = 6 — bt. Eliminating ¢ between these solutions,
we finally find the polar equation of the orbits:

P = roe—0—00)t/b

If you graph this for a # 0, you will get stable or unstable spirals.

Example 6.1.12

Consider the specific system

' =—y+zx
, (6.1.29)
Yy =z+y
In order to convert this system into polar form, we compute
rr’ = zz’ +yy' = o(—y+7) +ylz+y) =1’
1’0 = —ay’ —yz’ = 2(z +y) —y(-y+2z) =1
This leads to simpler system
e (6.1.30)
0 =1 o

Solving these equations yields
r(t) = roef, O(t) =t + 6

Eliminating ¢ from this solution gives the orbits in the phase plane, r(6) = re’%.

A more complicated example arises for a nonlinear system of differential equations. Consider the following example.
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Example 6.1.13

’ 2 2
T =—y+z(l—z"—y
) ( . ) (6.1.31)
Y =a:+y(1—z —y )
Transforming to polar coordinates, one can show that in order to convert this system into polar form, we compute
r=r(l1-r?), ¢ =1

This uncoupled system can be solved and this is left to the reader.

This page titled 6.1: Linear Systems is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman
via source content that was edited to the style and standards of the LibreTexts platform.
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6.2: Applications

IN THIS SECTION WE WILL DESCRIBE SOME SIMPLE APPLICATIONS leading to systems of differential equations which can
be solved using the methods in this chapter. These systems are left for homework problems and the as the start of further
explorations for student projects.
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6.2.1: Mass-Spring Systems

THE FIRST EXAMPLES THAT WE HAD SEEN involved masses on springs. Recall that for a simple mass on a spring we studied
simple harmonic motion, which is governed by the equation

mi+kx =0

This second order equation can be written as two first order equations

=y
. k
y=—-——x
m
or
T=1y
§=—w’z

where w? = —. The coefficient matrix for this system is
m

My o
kq ky
00000

Xy ok P Xp

AL1ARARNANNNRRNNNANNNY

Figure 6.2.1.1: System of two masses and two springs.

We also looked at the system of two masses and two springs as shown in Figure 6.20. The equations governing the motion of the
masses is

mlzﬁl = —kl.’lil + kg (1,'2 — il)l) (6 91 1)
maiy = —kg (T2 — 21) o

We can rewrite this system as four first order equations
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Tr1 = T3
X9 = T4
k k
3= — g+ 22 (2 — 1) (6.2.1.2)
mi mi
ko
Ty = 7777,_2 (CUQ - 931)
The coefficient matrix for this system is
0 0 10
0 0 0 1
A= _ k1 + ko ﬁ 0 0
mi mi
k k
2 -2 00
mo mo

We can study this system for specific values of the constants using the methods covered in the last sections.

Writing the spring-block system as a second order vector system.

mq 0 il - (k1 + k‘z) kz I
0 mo -fZ B k2 7](72 ) '
This system can then be written compactly as

Mx = —Kx,

mi 0 ki+ky —ko
M= . K=
0 mo 7’4)2 k‘z

This system can be solved by guessing a form for the solution. We could guess

where

X = ae

ay cos (wt — &1)
X =
ag cos (wt — d3)
where §; are phase shifts determined from initial conditions.
Inserting x = ae™! into the system gives
(K — w2M) a=0

This is a homogeneous system. It is a generalized eigenvalue problem for eigenvalues w? and eigenvectors a. We solve this in a
similar way to the standard matrix eigenvalue problems. The eigenvalue equation is found as

det (K — w?M) =0

Once the eigenvalues are found, then one determines the eigenvectors and constructs the solution.
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Let mi; = my = m and k; = ko = k. Then, we have to solve the system
m 0 ay 2k  —k a1
w? =
0 m as -k k as

2k — mw? —k

The eigenvalue equation is given by

0=
2

—k k—mw (6213)
= (2k—mw2) (kfmw2) — kK2 o

=m2w* — 3kmw? + k?

Solving this quadratic equation for w?, we have

For positive values of w, one can show that

w= %(:I:l + \/3)\/%

The eigenvectors can be found for each eigenvalue by solving the homogeneous system
2k — mw? —k ai
=0
—k k — mw? ay

_VE+1 V51

The eigenvectors are given by

We are now ready to construct the real solutions to the problem. Similar to solving two first order systems with complex roots,
we take the real and imaginary parts and take a linear combination of the solutions. In this problem there are four terms,
giving the solution in the form

X(t) = c1a1 coswit + coag sinwit + c3as cos wat + c4a9 Sin wat
3

where the w’ s are the eigenvalues and the a’s are the corresponding eigenvectors. The constants are determined from the
initial conditions, x(0) = x¢ and %(0) = vy.
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6.2.2: Circuits

IN THE LAST CHAPTER WE INVESTIGATED SIMPLE SERIES LRC CIRCUITS. More complicated circuits are possible by looking
at parallel connections, or other combinations, of resistors, capacitors and inductors. This results in several equations for each
loop in the circuit, leading to larger systems of differential equations. An example of another circuit setup is shown in Figure
6.2.2.1. This is not a problem that can be covered in the first year physics course.

There are two loops, indicated in Figure 6.2.2.2 as traversed clockwise. For each loop we need to apply Kirchoff's Loop Rule. There
are three oriented currents, labeled I;,i = 1,2, 3. Corresponding to each current is a changing charge, ¢; such that

dg;
=4

i dt7 7‘:17273

We have for loop one

LR +2Z v

C
and for loop two
al;  q
IsR L— = =.
st B =

Figure 6.2.2.1: A circuit with two loops containing several different circuit elements.
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*
Figure 6.2.2.2: The previous parallel circuit with the directions indicated for traversing the loops in Kirchoff's Laws.

There are three unknown functions for the charge. Once we know the charge functions, differentiation will yield the three currents.
However, we only have two equations. We need a third equation. This equation is found from Kirchoff's Point (Junction) Rule.

Consider the points A and B in Figure 6.2.2.2. Any charge (current) entering these junctions must be the same as the total charge
(current) leaving the junctions. For point A we have

I =1+ 13
Or
G1=¢2+¢s

Equations 6.2.2.1,6.2.2.2, and 6.2.2.4 form a coupled system of differential equations for this problem. There are both first and
second order derivatives involved. We can write the whole system in terms of charges as

R+ & =v(t)

C
Rois + Lis = Q_Cz (6.2.2.1)
41 = G2 + g3-

The question is whether, or not, we can write this as a system of first order differential equations. Since there is only one second
order derivative, we can introduce the new variable g, = ¢3. The first equation can be solved for ;. The third equation can be
solved for ¢, with appropriate substitutions for the other terms. ¢3 is gotten from the definition of ¢4 and the second equation can
be solved for g3 and substitutions made to obtain the system

V@
O =R T RC
o Ve
q2 R, _R10 q4
g3 = q4

q2 Ry

So, we have a nonhomogeneous first order system of differential equations.
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6.2.3: Mixture Problems

There are many types of mixture problems. Such problems are standard in a first course on differential equations as examples of
first order differential equations. Typically these examples consist of a tank of brine, water containing a specific amount of salt
with pure water entering and the mixture leaving, or the flow of a pollutant into, or out of, a lake. We first saw such problems in
Chapter 1.

In general one has a rate of flow of some concentration of mixture entering a region and a mixture leaving the region. The goal is
to determine how much stuff is in the region at a given time. This is governed by the equation

Rate of change of substance = Rate In — Rate Out.

This can be generalized to the case of two interconnected tanks. We will provide an example, but first we review the single tank
problem from Chapter 1.

Example 6.2.3.1: Single Tank Problem

A 50 gallon tank of pure water has a brine mixture with concentration of 2 pounds per gallon entering at the rate of 5 gallons
per minute. [See Figure 6.2.3.1.] At the same time the well-mixed contents drain out at the rate of 5 gallons per minute. Find
the amount of salt in the tank at time ¢. In all such problems one assumes that the solution is well mixed at each instant of
time.

Figure 6.2.3.1: A typical mixing problem.

Let z(t) be the amount of salt at time ¢. Then the rate at which the salt in the tank increases is due to the amount of salt
entering the tank less that leaving the tank. To figure out these rates, one notes that dz/dt has units of pounds per minute.
The amount of salt entering per minute is given by the product of the entering concentration times the rate at which the brine
enters. This gives the correct units:

(2 pounds ) (5 gal ) 10 pou'nds '

gal min min

Similarly, one can determine the rate out as

(m pounds ) (5 gal ) T pounds

50 gal min /10 min
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Thus, we have

Example 6.2.3.2: Double Tank Problem

happens over a long period of time?

system

form of the system is given by

@O0

This equation is easily solved using the methods for first order equations.

One has two tanks connected together, labeled tank X and tank Y, as shown in Figure 6.2.3.2.

Figure 6.2.3.2: The two tank problem.

Let tank X initially have 100 gallons of brine made with 180 pounds of salt. Tank Y initially has 180 gallons of pure water.
Pure water is pumped into tank X at a rate of 2.0 gallons per minute. Some of the mixture of brine and pure water flows into
tank Y at 3 gallons per minute. To keep the tank levels the same, one gallon of the Y mixture flows back into tankX at a rate
of one gallon per minute and 2.0 gallons per minute drains out. Find the amount of salt at any given time in the tanks. What

In this problem we set up two equations. Let z(¢) be the amount of salt in tank X and y(¢) the amount of salt in tank Y. Again,
we carefully look at the rates into and out of each tank in order to set up the system of differential equations. We obtain the

dx y 3z

dt ~ 100 100

(6.2.3.1)
dy 3x 3y

dt 100 100

This is a linear, homogenous constant coefficient system of two first order equations, which we know how to solve. The matrix

1

100 100
00| 0= ( )
g 0

100

The eigenvalues for the problem are given by A = —3 + v/3 and the eigenvectors are

268 (6.2.3.2)
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()

Since the eigenvalues are real and distinct, the general solution is easily written down:

1 1
x(t) = ¢ 3V 4 cy e(=3-V3)
V3 -3

Finally, we need to satisfy the initial conditions. So,
1 1 100
x(0) =¢1 + ¢ = ,
V3 -3 0

c1+ ¢ =100, (¢ —e)V3=0.

or
So, ¢cs = ¢ = 50. The final solution is

x(t) = 50 (( ! ) o3V | < ! ) 6(3\/§)t) ,
V3 -3

z(t) = 50 (6(73+\/§)t + 6(737\/§)t)

y(t) = 50V/3 (e<’3+‘/§)i _ 6(737\/3)t) 4

or

(6.2.3.2)
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6.2.4: Chemical Kinetics

THERE ARE MANY PROBLEMS IN THE CHEMISTRY of chemical reactions which lead to systems of differential equations. The
simplest reaction is when a chemical A turns into chemical B. This happens at a certain rate, k¥ > 0. This reaction can be
represented by the chemical formula

—
Ak B

In this case we have that the rates of change of the concentrations of A, [A], and B, [B], are given by

The chemical reactions used in these examples are first order reactions. Second

d[A]
- A

d[B
o A

(6.2.4.1)

order reactions have rates proportional to the square of the concentration.
Think about this as it is a key to understanding the next reactions.

A more complicated reaction is given by

A— B—C.
ky ks

Here there are three concentrations and two rates of change. The system of equations governing the reaction is

df4) _
S = 4]

d|B
L = k1[A] — ko[ B] (6.2.4.2)
dt
d[C]
—— =ko[B
dt 2(B]
The more complication rate of change is when [B] increases from [A] changing to [B] and decrease when [B] changes to [C]. Thus,
there are two terms in the rate of change equation for concentration [B].

One can further consider reactions in which a reverse reaction is possible. Thus, a further generalization occurs for the reaction

A<<k1’““—>BT>C.
2

The reverse reaction rates contribute to the reaction equations for [A] and [B]. The resulting system of equations is

A ka4 + kyiB

% = k1[A] — ko[B] — k3[B] (6.2.4.3)
d[C]

o~ FlB

Nonlinear chemical reactions will be discussed in the next chapter.
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6.2.5: Predator Prey Models

ANOTHER COMMON POPULATION MODEL is that describing the coexistence of species. For example, we could consider a
population of rabbits and foxes. Left to themselves, rabbits would tend to multiply, thus

dR
o R

with a > 0. In such a model the rabbit population would grow exponentially. Similarly, a population of foxes would decay without
the rabbits to feed on. So, we have that

dF
& _bF
dt b

for b > 0.

Now, if we put these populations together on a deserted island, they would interact. The more foxes, the rabbit population would
decrease. However, the more rabbits, the foxes would have plenty to eat and the population would thrive. Thus, we could model
the competing populations as

dR

E =aR—cF

" (6.2.5.1)
— = —bF+dR

dt +

where all of the constants are positive numbers. Studying this coupled system would lead to a study of the dynamics of these
populations. The nonlinear version of this system, the Lotka-Volterra model, will be discussed in the next chapter.
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6.2.6: Love Affairs

The next application is one that was introduced in 1988 by Strogatz as a cute system involving relationships. ! One considers
what happens to the affections that two people have for each other over time. Let R denote the affection that Romeo has for

Juliet and J be the affection that Juliet has for Romeo. Positive values indicate love and negative values indicate dislike.!

One possible model is given by

% .

(6.2.6.1)
o
a

with b > 0 and ¢ < 0. In this case Romeo loves Juliet the more she likes him. But Juliet backs away when she finds his love for her
increasing.

A typical system relating the combined changes in affection can be modeled as

dR

— =aR+bJ
j; (6.2.6.2)

Several scenarios are possible for various choices of the constants. For example, if a > 0 and b > 0, Romeo gets more and more
excited by Juliet’s love for him. If ¢ > 0 and d < 0, Juliet is being cautious about her relationship with Romeo. For specific values
of the parameters and initial conditions, one can explore this match of an overly zealous lover with a cautious lover.

'Steven H. Strogatz introduced this problem as an interesting example of systems of differential equations in Mathematics
Magazine, Vol. 61, No. 1 (Feb. 1988) p 35. He also describes it in his book Nonlinear Dynamics and Chaos (1994).

This page titled 6.2.6: Love Affairs is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman
via source content that was edited to the style and standards of the LibreTexts platform.

@IOIC]E) 272 (6.2.6.1)


https://math.libretexts.org/Bookshelves/Differential_Equations/A_First_Course_in_Differential_Equations_for_Scientists_and_Engineers_(Herman)/06%3A_Linear_Systems/6.02%3A_Applications/6.2.06%3A_Love_Affairs
https://creativecommons.org/licenses/by-nc-sa/3.0/
http://people.uncw.edu/hermanr
http://people.uncw.edu/hermanr/mat361/ODEBook/index.htm

LibreTexts"

6.2.7: Epidemics

Another interesting area of application of differential equation is in predicting the spread of disease. Typically, one has a
population of susceptible people or animals. Several infected individuals are introduced into the population and one is interested
in how the infection spreads and if the number of infected people drastically increases or dies off. Such models are typically
nonlinear and we will look at what is called the SIR model in the next chapter. In this section we will model a simple linear model.

Let us break the population into three classes. First, we let S(t) represent the healthy people, who are susceptible to infection. Let
I(t) be the number of infected people. Of these infected people, some will die from the infection and others could recover. We
will consider the case that initially there is one infected person and the rest, say N, are healthy. Can we predict how many deaths
have occurred by time ¢ ?

We model this problem using the compartmental analysis we had seen for mixing problems. The total rate of change of any
population would be due to those entering the group less those leaving the group. For example, the number of healthy people
decreases due infection and can increase when some of the infected group recovers. Let's assume that a) the rate of infection
is proportional to the number of healthy people, aS, and b ) the number who recover is proportional to the number of infected
people, rI. Thus, the rate of change of healthy people is found as

ds
Pl I.
7 aS+r

Let the number of deaths be D(t). Then, the death rate could be taken to be proportional to the number of infected people. So,

— =dI
dt

Finally, the rate of change of infected people is due to healthy people getting infected and the infected people who either recover
or die. Using the corresponding terms in the other equations, we can write the rate of change of infected people as

ﬂzaS—rl—dl.
dt

This linear system of differential equations can be written in matrix form.

S —a r 0 S
i = a —d—r 0 I
dt B

D 0 d 0 D

The reader can find the solutions of this system and determine if this is a realistic model.
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6.3: Matrix Formulation

We have investigated several linear systems in the plane and in the next chapter we will use some of these ideas to investigate
nonlinear systems. We need a deeper insight into the solutions of planar systems. So, in this section we will recast the first order
linear systems into matrix form. This will lead to a better understanding of first order systems and allow for extensions to higher
dimensions and the solution of nonhomogeneous equations later in this chapter.

We start with the usual homogeneous system in Equation 6.1.9. Let the unknowns be represented by the vector

z(t)
X(t)<y(t))
x/:<z’>:<ax+by>:(a b)(x)EAx
y cr +dy c d y

Here we have introduced the coefficient matrix A. This is a first order vector differential equation,

Then we have that

x' = Ax
Formerly, we can write the solution as

x = xget.

You can verify that this is a solution by simply differentiating,

dx d

e XOE (eAt) = Axge™ = Ax

However, there remains the question, "What does it mean to exponentiate a matrix ?”” The exponential of a matrix is defined using
the Maclaurin series expansion

o0 22 23
e :Z:l—{—x-ﬁ-?-i-?—i-
=0
We define
<1 Az A3
A _ AN i P
e _Zn!A =T+A+ 50+ ar

In general it is difficult to sum this series, but it is doable for some simple examples.e

The exponential of a matrix is defined using the Maclaurin series expansion

OOZL'n
T __ =
e —;On!—l
So, we define
A2 A3
A _ 2 o402 4
et = I+ At o+ or e

In general, it is difficult computing e unless A is diagonal.
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Example 6.3.1

10
Evaluate e'4 for A =
0 2
“orsiar b L
e =T H1A+ L AT+ A
10 10 210\ /1 0\’
= +1 +—' +—' > 00
0 1 0 2 21\ o0 2 3\ 0 2

10 10 12 10 3 10
+t + 5 + + -
0 1 0 2 26\ 0 4 3P\ o0 8 (6.3.1)
2 #
— = a00 2 3
(1+t+2!+3! 0 26 | 8t

Tar e

Example 6.3.2

0 1
Evaluate e'4 for A = .
1 0

We first note that

Therefore,

A, nodd
An=

I, n even

Then, we have

r2 &
e =T+tA+ §A2+§A3+"“

t? &
:I+tA+EI-I— §A+~~-~

2t 3 5

gt a gty (6.3.2)
B E 2t

Phgrtg Mgty

cosh sinht
sinht cosht

Since summing these infinite series might be difficult, we will now investigate the solutions of planar systems to see if we can find
other approaches for solving linear systems using matrix methods. We begin by recalling the solution to the problem in Example
6.2.3.2. We obtained the solution to this system as
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(6.3.3)
y(t) = gclet — 50267“
This can be rewritten using matrix operations. Namely, we first write the solution in vector form.
z(t)
X =
y(t)
clet + cze*‘“
= 1
gclet — 5628_4t
(6:3.4)
=1 1 + 1
Eclet ——0267“
1 1
=cC 1 et + Ca 1 e
3 2

We see that our solution is in the form of a linear combination of vectors of the form

X = ve“

with v a constant vector and \ a constant number. This is similar to how we began to find solutions to second order constant
coefficient equations. So, for the general problem 6.9.3 we insert this guess. Thus,

x' = Ax =
(6.3.5)
AveM = Ave
For this to be true for all ¢, we have that
Av = \v

This is an eigenvalue problem. A is a 2 x 2 matrix for our problem, but could easily be generalized to a system of n first order
differential equations. We will confine our remarks for now to planar systems. However, we need to recall how to solve eigenvalue
problems and then see how solutions of eigenvalue problems can be used to obtain solutions to our systems of differential
equations.
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6.4: Eigenvalue Problems

We seek nontrivial solutions to the eigenvalue problem
Av = \v

We note that v = 0 is an obvious solution. Furthermore, it does not lead to anything useful. So, it is called a trivial solution.
Typically, we are given the matrix A and have to determine the eigenvalues, ), and the associated eigenvectors, v, satisfying the
above eigenvalue problem. Later in the course we will explore other types of eigenvalue problems.

V1
For now we begin to solve the eigenvalue problem for v = (

). Inserting this into Equation 6.4.1, we obtain the homogeneous
V2

algebraic system

(a—A)vi+bva =0

(6.4.1)
cvi+(d—Nv2=0

The solution of such a system would be unique if the determinant of the system is not zero. However, this would give the trivial
solution v; = 0, vo = 0. To get a nontrivial solution, we need to force the determinant to be zero. This yields the eigenvalue equation

a—A b
c d— A\

0=

‘ =(a—A)(d—X)—bc
This is a quadratic equation for the eigenvalues that would lead to nontrivial solutions. If we expand the right side of the equation,
we find that

X —(a+dX+ad—bc=0

This is the same equation as the characteristic equation 6.1.12 for the general constant coefficient differential equation
considered in the first chapter. Thus, the eigenvalues correspond to the solutions of the characteristic polynomial for the system.

Once we find the eigenvalues, then there are possibly an infinite number solutions to the algebraic system. We will see this in the
examples.

So, the process is to
a. Write the coefficient matrix;

b. Find the eigenvalues from the equation det(A — AI) = 0; and,
c. Find the eigenvectors by solving the linear system (A — AI)v = 0 for each A.

This page titled 6.4: Eigenvalue Problems is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.
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[ o [ o
6.5: Solving Constant Coefficient Systems in 2D
Before proceeding to examples, we first indicate the types of solutions that could result from the solution of a homogeneous,
constant coefficient system of first order differential equations.

We begin with the linear system of differential equations in matrix form.

a b
_dx:< )X=Ax
dt c d

The type of behavior depends upon the eigenvalues of matrix A. The procedure is to determine the eigenvalues and eigenvectors
and use them to construct the general solution.

If we have an initial condition, x (¢¢) = x,, we can determine the two arbitrary constants in the general solution in order to obtain
the particular solution. Thus, if x; () and x,(t) are two linearly independent solutions 2, then the general solution is given as

2

Recall that linear independence meansc;x;(t) + cox2(t) = 0 if and only if ¢, co = 0. The reader should derive the
condition on the x; for linear independence.

x(t) = e1x1 () + caxa(t)
Then, setting ¢t = 0, we get two linear equations for ¢; and ¢, :
c1x1(0) + cox2(0) = x¢

The major work is in finding the linearly independent solutions. This depends upon the different types of eigenvalues that one
obtains from solving the eigenvalue equation, det(A — AI) = 0. The nature of these roots indicate the form of the general solution.
In Table 6.1 we summarize the classification of solutions in terms of the eigenvalues of the coefficient matrix. We first make some
general remarks about the plausibility of these solutions and then provide examples in the following section to clarify the matrix
methods for our two dimensional systems.

The construction of the general solution in Case I is straight forward. However, the other two cases need a little explanation.
Let's consider Case III. Note that since the original system of equations does not have any i’ s, then we would expect real

solutions. So, we look at the real and imaginary parts of the complex solution. We have that the complex solution satisfies the
equation

d . )
5 Re(y(t)) +iIm(y(#))] = A[Re(y(t)) + i Im(y(2))]
Differentiating the sum and splitting the real and imaginary parts of the equation, gives

L Rely(1)) + i Tm(y(1)) = ARe(y(1))] + iAllm(y (1)

Setting the real and imaginary parts equal, we have

%Re(y(t)) = A[Re(y(t))]
and

d

7 m(y(t)) = Allm(y(®))].

Therefore, the real and imaginary parts each are linearly independent solutions of the system and the general solution can be
written as a linear combination of these expressions.
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Table 6.5.1: Solutions Types for Planar Systems with Constant Coefficients

Classification of the Solutions for Two Linear First Order Differential Equations

1. Case I: Two real, distinct roots.

Solve the eigenvalue problem Av = \v for each eigenvalue obtaining two eigenvectors v, vo. Then write the general solution

as a linear combination x(t) = cieMvy + coetvy

2. Case II: One Repeated Root

Solve the eigenvalue problem Av = \v for one eigenvalue ), obtaining the first eigenvector v;. One then needs a second
linearly independent solution. This is obtained by solving the nonhomogeneous problem

Avy — Avy = vy for vo.

The general solution is then given by x(t) = cie?vy + coe (vo 4 tvy).

3. Case III: Two complex conjugate roots.

Solve the eigenvalue problem Az = Az for one eigenvalue, A = a + i3, obtaining one eigenvector v. Note that this eigenvector
may have complex entries. Thus, one can write the vector y(t) = eMv = e*(cos Bt + isin ft)v. Now, construct two linearly

independent solutions to the problem using the real and imaginary parts of y(¢) : y1(t) = Re(y(¢)) and y2(¢) = Im(y(¢)). Then the
general solution can be written as x(t) = c1y1(t) + caya(t).

We now turn to Case II. Writing the system of first order equations as a second order equation for z(¢) with the sole solution of

the characteristic equation, A = —(a + d), we have that the general solution takes the form

2
z(t) = (c1 + cot) eM

This suggests that the second linearly independent solution involves a term of the form vte. It turns out that the guess that
works is

x = teMvy + eMvy
Inserting this guess into the system x’ = Ax yields

(te)‘tvl + e’\th)/ =A [temvl + e)‘tvz] .
eMvy + MteMvy 4+ AeMvy = AeMvy + eMAv,. (6.5.1)

e (vi+ Avg) = eMAv,.
Noting this is true for all ¢, we find that
Vi + Avy = Avy
Therefore,
(A= A)vy =vy

We know everything except for vs. So, we just solve for it and obtain the second linearly independent solution.

This page titled 6.5: Solving Constant Coefficient Systems in 2D is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or
curated by Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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6.6: Examples of the Matrix Method

Here we will give some examples for typical systems for the three cases mentioned in the last section.

Example 6.6.1
A= .
3 3

Eigenvalues: We first determine the eigenvalues.

Therefore,

0=4—-NB—-X—6
0=X—7\+6 (6.6.1)
0=A—-1)(A—6)

The eigenvalues are then X = 1, 6. This is an example of Case I.

Eigenvectors: Next we determine the eigenvectors associated with each of these eigenvalues. We have to solve the system

Av = A\v in each case.
4 2 V1 V1
3 3 (%) B ()
3 2 U1 0
3 2 v ) \0
This gives 3v; + 2v; = 0. One possible solution yields an eigenvector of

(2)-(%)
(5 3)(m)=(2)

Case A= 1.

Case A=6

For this case we need to solve —2v; + 2v, = 0. This yields

(2)-(0)

General Solution: We can now construct the general solution.
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A ot

x(t) = creMtvy + coe?

2 1
clet TP 026&
( -3 ) ( 1 ) (6.6.2)

2cie! + coelt
—3cret + cpef?

Va2

Example 6.6.2
A= .
1 -1

Eigenvalues: Again, one solves the eigenvalue equation.

0=

Therefore,

0=(B-AN(-1-X)+5

22
0=A*"—2X\+2 (6.6.3)
—(—2 4—4(1)(2
ho SRV _
2
The eigenvalues are then A =1 + 4,1 —i. This is an example of Case III.
Eigenvectors: In order to find the general solution, we need only find the eigenvector associated with 1 + .
3 —5 V1 U1
=(1+41)
1 -1 Vo V2
(6.6.4)

2—14 —5 V1 0
1 -2 v ]\ o0
We need to solve (2 — i)v; — 5vy = 0. Thus,
VU1 2 —+ 7
) B 1

Complex Solution: In order to get the two real linearly independent solutions, we need to compute the real and imaginary

parts of ve.
e)‘t 2+1 _ e(1+i)t 2+1
1 1
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2+
= e'(cost +isint) )

3 t( (24 14)(cost + isint) )

cost+isint

cost +isint

2cost —sint cost + 2sint
= et + iet
cost sint

General Solution: Now we can construct the general solution.

) ; 2cost —sint ; cost + 2sint
xX(t) = cie + coe
cost sint

; ( c1(2cost —sint) + co(cost + 2sint) >
=e

cicost + cosint

t( (2cost —sint) + i(cost + 2sint) )
e

Note: This can be rewritten as

2c1 + ¢o 2¢cy —c1
x(t) = e’ cost ( ) +elsint ( )
C1 C2
Example 6.6.3
(s 7)
A= .
9 1

Eigenvalues:

Therefore,

0=(7T—-XN1-X+9
0=X2—8)\+16 (6.6.5)
0=(A—4)?

There is only one real eigenvalue, A = 4. This is an example of Case II.

Eigenvectors: In this case we first solve for v; and then get the second linearly independent vector.
7 —1 U1 U1
=4
9 1 Vo V2
3 —1 V1 0
9 -3 v )\ 0

(6.6.6)

Therefore, we have
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U1 1
vy —vy =0, = =
V9 3

Second Linearly Independent Solution: Now we need to solve Avy — Avy = v;.

o)) ()-()

(6.6.7)
3 —1 Ul 1
9 —3 w )\ 3
Expanding the matrix product, we obtain the system of equations
3u; —us =1
e (6.6.8)

9u1 —3UQ =3

U 1
The solution of this system is S .
U9 2

General Solution: We construct the general solution as

y(t) = crevy + coe™ (v + tvy)

=cle4t< ! ) +C2€4t {( ! ) —I—t( ! >:|
3 2 3 (6.6.9)

4 C1 + 02(1 —+ t)
=€
3c1 + c2(2 4 3t)

6.6.1: Planar Systems - Summary

The reader should have noted by now that there is a connection between the behavior of the solutions obtained in Section 6.1.3
and the eigenvalues found from the coefficient matrices in the previous examples. In Table 6.2 we summarize some of these
cases.

Table 6.6.1: List of typical behaviors in planar systems.
Type Eigenvalues Stability

Node Real )\, same signs
A <0, stable

A > 0, unstable

Saddle Real )\ opposite signs Mostly Unstable
Center A pure imaginary —
Focus/Spiral Complex A\, Re(A) #0

Re()) < 0, stable

Re()) > 0, unstable

Degenerate Node Repeated roots, A > 0, stable

Lines of Equilibria One zero eigenvalue A <0, stable

The connection, as we have seen, is that the characteristic equation for the associated second order differential equation is the
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same as the eigenvalue equation of the coefficient matrix for the linear system. However, one should be a little careful in cases
in which the coefficient matrix in not diagonalizable. In Table 6.3 are three examples of systems with repeated roots. The reader
should look at these systems and look at the commonalities and differences in these systems and their solutions. In these cases
one has unstable nodes, though they are degenerate in that there is only one accessible eigenvector.

System 1 System 2 System 3
a=2,b=0,c=0,d=2 a=0,b=1,c=-4,d=4 a=2,b=1,c=0,d=2
NANNNNANANNAML 17777777 L O A R A O VI A A AV B e \NANNVN NV IH s
NNNNNNANAAYW s s A A A A L VA A A A e NNNANAY s s s
NNNNNNNANN\ s s T 1777 77—\ N\N\\\\\ 11
SNNNNNNANANMV 1 r s s TIA T g4l 1 777 7=\ NNNNNAV M Iy 77 rr s
\\\\\\\MH///////// 1111117;77/////9\\\\ \\\\\'\WM//////////—
R N e 1IN LT 77 7=\ N\ SNNNNANANTV N S s
SSSSSNNNANMT /s s T, 7 7= NV b SSSSNNNNAV Vs s s
\\\\\\\\\Ki////////) T 11110 7=x VvVl ~~~~ NN\ s
NN TP T T /7= bbb SN [ S
ey | SRR
EXME 1 5575 N A SRR AN I R RN PN N
e A R O T T SR N A A S A A ) A O A A R I
S A IR VAANNAN— 70 LT et 2 AT RR R R
A A A A T R NANNN—/ L w2 ALV NVNNNNN
o270 VNN NN NSNS ANANS—SZ /ST corrrs s/ VNNNNN
o227 FAE VNV NNNNN N NNS——Z /P2 o220 L VY NNNN
oLV N NN NN—cLL L sz 2000V VNN
220000 HE VYN NNNN N A AN N A oo 27200000 E VYV VNN
s27007 07 FIRE VY VNN —=s/ SRR soss s L2 FAL LT VNN

, 2 0 , 0 1 , 2 1
X 02 /) | 7\ 44 )| 7 o0 2]

Figure 6.6.1: Three examples of systems with a repeated root of A = 2.

Another way to look at the classification of these solution is to use the determinant and trace of the coefficient matrix. Recall that

a
the determinant and trace of A = (
C

b
p ) are given by det A=ad —bcandtrA=a +d
We note that the general eigenvalue equation,
XN —(a+dA+ad—bc=0
can be written as

A —(trA)A+detA=0

Therefore, the eigenvalues are found from the quadratic formula as

trA++/(trA)2—4det A
2

A2 =

The solution behavior then depends on the sign of discriminant,
(tr A)> —4det A

If we consider a plot of where the discriminant vanishes, then we could plot
(tr A)? = 4det A

in the det A tr A )-plane. This is a parabolic cure as shown by the dashed line in Figure 6.25. The region inside the parabola have
a negative discriminant, leading to complex roots. In these cases we have oscillatory solutions. If tr A = 0, then one has centers.
If tr A < 0, the solutions are stable spirals; otherwise, they are unstable spirals. If the discriminant is positive, then the roots are
real, leading to nodes or saddles in the regions indicated.

This page titled 6.6: Examples of the Matrix Method is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by
Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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6.7: Theory of Homogeneous Constant Coefficient Systems

There is a general theory for solving homogeneous, constant coefficient systems of first order differential equations. We begin by
once again recalling

trA .
Unstable Nodes Lo - “tr? A=g4detA

Unstable Spirals

Saddles Centers

detA

N Stable Spirals

Figure 6.7.1: Solution Classification for Planar Systems.

the specific problem (6.16). We obtained the solution to this system as

z(t) = cre’ + coe™ ¥

1 1 (6.7.1)
y(t) = gclet — 5026747"
This time we rewrite the solution as
cret + coe™*
X = 1 1
gclet — 50267&
et 6_4t (672)
C1
= %e" 716741‘, ( s )
=®(t)C

Thus, we can write the general solution as a 2 x 2 matrix ® times an arbitrary constant vector. The matrix ® consists of two
columns that are linearly independent solutions of the original system. This matrix is an example of what we will define as the
Fundamental Matrix of solutions of the system. So, determining the Fundamental Matrix will allow us to find the general solution
of the system upon multiplication by a constant matrix. In fact, we will see that it will also lead to a simple representation of the
solution of the initial value problem for our system. We will outline the general theory.

Consider the homogeneous, constant coefficient system of first order differential equations

da:l
T =a11T1 + 0122 + ... + A1,Tp
d]}g
o + anre + ... + awpy,
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dx,

W = Gp1%1 + An2%2 + ... + AppTn

As we have seen, this can be written in the matrix form x’ = Ax, where

x1
X2
X =
Tn
and
ailr a2 (37
azr a2 A2n
A=
Anl  QAp2 - Qpp

Now, consider m vector solutions of this system: ¢;(t), ¢2(t), ... . (t). These solutions are said to be linearly independent on some
domain if

c191(t) + c2¢2(t) + ... + cndm(t) =0
for all ¢ in the domain implies that¢; = co = ... = ¢, = 0.

Let ¢1(t), 2(t), ... do(t) be a set of n linearly independent set of solutions of our system, called a fundamental set of solutions.
We construct a matrix from these solutions using these solutions as the column of that matrix. We define this matrix to be the
fundamental matrix solution. This matrix takes the form

o1 12 - P

P21 P22 - Pon
'1)=(¢1 ¢n): : : - :

¢n1 ¢n2 ¢rm

What do we mean by a "matrix" solution? We have assumed that each ¢y, is a solution of our system. Therefore, we have that ¢,
= Ad¢y, for k=1, ..., n. We say that ® is a matrix solution because we can show that ¢ also satisfies the matrix formulation of the
system of differential equations. We can show this using the properties of matrices.

Illegal pream-token (\)

Given a set of vector solutions of the system, when are they linearly independent? We consider a matrix solution Q(¢) of the
system in which we have n vector solutions. Then, we define the Wronskian of Q(¢) to be

W = det Q(t)
If W(t) # 0, then Q(t) is a fundamental matrix solution.
Before continuing, we list the fundamental matrix solutions for the set of examples in the last section. (Refer to the solutions from

those examples.) Furthermore, note that the fundamental matrix solutions are not unique as one can multiply any column by a
nonzero constant and still have a fundamental matrix solution.

=5 5)

Example 6.7.1
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2€t eﬁt
(I>(t) = ( _3et th )

We should note in this case that the Wronskian is found as
W = det ®(t)

‘ 2¢t 66t

(6.7.3)

736t eSt

=5e" 40
Example 6.7.2
(3 2)
A=
1 -1

e'(2cost —sint) e'(cost + 2sint)
O(t) =

el cost elsint
Example 6.7.3
(o3
A=
9 1

<1>(t)—< e e lhy )
CUset et(24 31

So far we have only determined the general solution. This is done by the following steps:

Procedure for Determining the General Solution

1.
2.
3.
4.

Solve the eigenvalue problem (A — AI)v = 0.

Construct vector solutions from ve*. The method depends if one has real or complex conjugate eigenvalues.
Form the fundamental solution matrix ®(¢t) from the vector solution.

The general solution is given by x(t) = ®(¢)C for C an arbitrary constant vector.

We are now ready to solve the initial value problem:

x' = Ax, x(ty)) =xo
Starting with the general solution, we have that

x0 =x(tg) = @ (t9) C.

As usual, we need to solve for the c;.s. Using matrix methods, this is now easy. Since the Wronskian is not zero, then we can invert
® at any value of t. So, we have

C= (I)71 (to) Xq
Putting C back into the general solution, we obtain the solution to the initial value problem:

x(t) = () D! (to) xo
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You can easily verify that this is a solution of the system and satisfies the initial condition at ¢ = ¢,.

The matrix combination ®(¢)®~! (¢,) is useful. So, we will define the resulting product to be the principal matrix solution, denoting
it by

U(t) = (t)® " (to)

Thus, the solution of the initial value problem is x(t) = ¥(¢)x,. Furthermore, we note that ¥(¢) is a solution to the matrix initial
value problem

x' =Ax, x(to)=1

where I is the n x n identity matrix.

Matrix Solution of the Homogeneous Problem

In summary, the matrix solution of
— =Ax, x(ty) =x¢

is given by
x(t) = W(t)xg = ®(t) @ (t) %o

where ®(t) is the fundamental matrix solution and ¥(t) is the principal matrix solution.

Example 6.7.4

Let's consider the matrix initial value problem

2’ =5z + 3y
(6.7.4)
y = —6x — 4y
satisfying z(0) = 1, y(0) = 2. Find the solution of this problem.
We first note that the coefficient matrix is
5 3
A=
—6 —4
The eigenvalue equation is easily found from
0=—(5—XA)(4+)) +18
=22_x-2 (6.7.5)

=(A—2)(A+1)

So, the eigenvalues are A = —1, 2. The corresponding eigenvectors are found to be

() ()

Now we construct the fundamental matrix solution. The columns are obtained using the eigenvectors and the exponentials,
Xt
e
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So, the fundamental matrix solution is

eft 62t
<I)(t) = ( —267t _th )
e—t eZt
x(t) = Gt C

In order to find the particular solution of the initial value problem, we need the principal matrix solution. We first evaluate

®(0), then we invert it:
5(0) 1 1 5-1(0) -1 -1
0) = = —(0) =
—9 1 2 1

The general solution to our problem is then

for C is an arbitrary constant vector.

The particular solution is then

(@ - 6.7.6
(G ) (V) e

Thus, (t) = —3e " + 4e? and y(t) = 6~ — 4e

This page titled 6.7: Theory of Homogeneous Constant Coefficient Systems is shared under a CC BY-NC-SA 3.0 license and was authored,
remixed, and/or curated by Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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6.8: Nonhomogeneous Systems

Before leaving the theory of systems of linear, constant coefficient systems, we will discuss nonhomogeneous systems. We would
like to solve systems of the form

x' = A(t)x + f(t)

We will assume that we have found the fundamental matrix solution of the homogeneous equation. Furthermore, we will assume
that A(t) and f(t) are continuous on some common domain.

As with second order equations, we can look for solutions that are a sum of the general solution to the homogeneous problem
plus a particular solution of the nonhomogeneous problem. Namely, we can write the general solution as

x(t) = (t)C + x, (1)
where C'is an arbitrary constant vector, ®(t) is the fundamental matrix solution of x” = A(¢)x, and
x, = A(t)x, + f(t)

Such a representation is easily verified.

We need to find the particular solution, x,(¢). We can do this by applying The Method of Variation of Parameters for Systems.
We consider a solution in the form of the solution of the homogeneous problem, but replace the constant vector by unknown
parameter functions. Namely, we assume that

xp(t) = @(t)c(t)
Differentiating, we have that
x, = ®.cdc’ = ADc 4 Oc’
Or

’ ’
x, — Ax, = ®c

But the left side is f. So, we have that,
oc’' =f
or, since @ is invertible (why?),
¢ =d7f

In principle, this can be integrated to give c. Therefore, the particular solution can be written as

t
x,(t) = CI)(t)/ O 1(5)f(s)ds
This is the variation of parameters formula.

The general solution of Equation 6.8.2 has been found as
t
x(t) = B()C + B (1) / &1 (s)E(s)ds

We can use the general solution to find the particular solution of an initial value problem consisting of Equation 6.8.2 and the
initial condition x (¢y) = xo. This condition is satisfied for a solution of the form
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x(t) = ®(¢t)C + (P(t)/t O (s)f(s)ds

provided
Xp =X (to) =& (to) C.

This can be solved for C as in the last section. Inserting the solution back into the general solution Equation 6.8.4, we have

x(t) = ®(t)® " (o) xo + ®(t) / t 1 (s)f(s)ds

to

This solution can be written a little neater in terms of the principal matrix solution, ¥(t) = ® ()&~ () :

x(t) = U(t)xo + ¥(t) t U1 (s)f(s)ds

to

Finally, one further simplification occurs when A is a constant matrix, which are the only types of problems we have solved in this
chapter. In this case, we have that U—1(t) = ¥(—t). So, computing ¥ ~1(¢) is relatively easy.

Example 6.8.1

z' 4+ x = 2cost,z(0) = 4,2’ (0) = 0. This example can be solved using the Method of Undetermined Coefficients. However, we
will use the matrix method described in this section.

First, we write the problem in matrix form. The system can be Written as

=y
(6.8.1)

’

y = —x + 2cost

Thus, we have a nonhomogeneous system of the form

0 1 x 0
x' =Ax+f= +
-1 0 y 2cost

Next we need the fundamental matrix of solutions of the homogeneous problem. We have that
0 1
A=
-1 0
The eigenvalues of this matrix are A = +i. An eigenvector associated with A =i is easily found as (
1 ) cost +isint
ezt —
4 icost —sint
From this solution we can construct the fundamental solution matrix

cost sint
®(t) =
—sint cost

So, the general solution to the homogeneous problem is

cicost+ cosint
Xhp = <I>(t)C =
—cy18int 4 cocost

1
} ) This leads to a
1

complex solution
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Next we seek a particular solution to the nonhomogeneous problem. From Equation 6.8.4 we see that we need ®1(s)f(s).

Thus, we have
. coss —sins 0
()f(s) =1 .
sins coss 2cos s

(6.8.2)
—2sinscos s
B 2cos? s
We now compute
t cost sint —2sinscoss
B(2) / &1 (s)E(s)ds = / ds
0 —sint cost to 2cos? s
cost sin t —sin’t
_ (6.8.3)
—sint cost t+ —sm 2t

tsint
B sint +tcost
cicost+ cosint tsint
X = +
—cy8int + cgcost sint + tcost
The solution to the initial value problem is

cost sint 4 tsint
X = +
—sint cost 0 sint 4+ tcost

4cost+ tsint
X =
—3sint + tcost

therefore, the general solution is

This page titled 6.8: Nonhomogeneous Systems is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by
Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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6.9: Problems

1. Consider the system
' =—4x—vy

Y =z—2y

Determine the second order differential equation satisfied by z(t).

Solve the differential equation for z(t).

Using this solution, find y(¢).

Verify your solutions for z(t) and y(t).

Find a particular solution to the system given the initial conditions z(0) = 1 and y(0) = 0.

» 200

2. Consider the following systems. Determine the families of orbits for each system and sketch several orbits in the phase plane
and classify them by their type (stable node, etc.)

' =3z
a. ,
y =2y
z'=—y
b.
y = —bx
z' =2y
C ’
y =3z
’
=x—y
d. ,
Yy =Y
x’ =2z + 3y
e.
y =3z +2y

3. Use the transformations relating polar and Cartesian coordinates to prove that

a1 dy dx

dat 2 [xE B y%]

4. Consider the system of equations in Example 6.1.13.
a. Derive the polar form of the system.
b. Solve the radial equation, v’ = r (1 — r?), for the initial values r(0) = 0,0.5, 1.0, 2.0.
c. Based upon these solutions, plot and describe the behavior of all solutions to the original system in Cartesian

coordinates.

5. Consider the following systems. For each system determine the coefficient matrix. When possible, solve the eigenvalue
problem for each matrix and use the eigenvalues and eigenfunctions to provide solutions to the given systems. Finally, in the
common cases which you investigated in Problem 2, make comparisons with your previous answers, such as what type of

eigenvalues correspond to stable nodes.

' =3 —vy
a.
y =2x—2y
' =—y
b.
y = —bx
’
x=z—y
C.
’
Yy =y
2’ =2x + 3y
d. /
y = —3x + 2y.
x'=—dr —y
e.
Yy =z-2
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’
T =y
y=z+y
6. For the given matrix, evaluate e*#, using the definition
o0

n=0

n

~

PTINRAY
'A =I+tA+?A +§A+

S

and simplifying.

1 0
a. A=

0 2

1 0
b. A=

-2 2

0 -1
c. A=

0 1

0 1
d A=

1 O

0
e. A=

i 0

010
f. A= 0 0 1

0 0 0

7. Find the fundamental matrix solution for the system x’ = Ax where matrix A is given. If an initial condition is provided, find
the solution of the initial value problem using the principal matrix.

1 0
a. A=
-2 2

3 5
f. A=
-1 1
A 8 —5 ) 1
g. = ,x(0) =
16 —
1 -2
h. A=
2 =3
5 4 2
i. A= 4 5 2
2 2 2

8. Solve the following initial value problems using Equation 6.8.6, the solution of a nonhomogeneous system using the principal
matrix solution.

, (2 -1 et o (!
a- (32l ()
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9.

10.

1.

12.

13.

14.

15.

16.

, 2 -1 cost 0) = 0
“ X_<5—2)X+<sint)’x()_<1>

Add a third spring connected to mass two in the coupled system shown in Figure 6.1.2 to a wall on the far right. Assume that
the masses are the same and the springs are the same.
a. Model this system with a set of first order differential equations.
b. If the masses are all 2.0 kg and the spring constants are all 10.0 N/m, then find the general solution for the system.
c. Move mass one to the left (of equilibrium) 10.0 cm and mass two to the right 5.0 cm. Let them go. find the solution and
plot it as a function of time. Where is each mass at 5.0 seconds?
d. Model this initial value problem with a set of two second order differential equations. Set up the system in the form Mx
= —Kx and solve using the values in part b.
In Example 6.1.14 we investigated a couple mass-spring system as a pair of second order differential equations.

3£v5 VBl
2 2
b. Rewrite the system as a system of four first order equations.
c. Find the eigenvalues and eigenfunctions for the system of equations in part b to arrive at the solution found in Example
6.1.14.
d. Let £ =5.00 N/m and m = 0.250 kg. Assume that the masses are initially at rest and plot the positions as a function of
time if initially i) z1(0) = z2(0) = 10.0 cm and i) z1(0) = —z2(0) = 10.0 cm. Describe the resulting motion.
Consider the series circuit in Figure 2.4 with L = 1.00H, R = 1.00 x 10> Q,C = 1.00 x 10™* F, and V; = 1.00 x 10% V

a. Set up the problem as a system of two first order differential equations for the charge and the current.

b. Suppose that no charge is present and no current is flowing at time ¢ = 0 when V; is applied. Find the current and the

charge on the capacitor as functions of time.

c. Plot your solutions and describe how the system behaves over time.

Consider the series circuit in Figure 6.2.2.1 with L = 1.00H, R; = R, = 1.00 x 10?Q,C =1.00 x 10~* F, and V;, = 1.00 x 10° V.

1. Set up the problem as a system of first order differential equations for the charges and the currents in each loop.

2. Suppose that no charge is present and no current is flowing at time ¢t = 0 when V; is applied. Find the current and the

charge on the capacitor as functions of time.

3. Plot your solutions and describe how the system behaves over time.

Initially a 190 gallon tank is filled with pure water. At time ¢t = 0 water with a half a pound of salt per two gallons is added to
the container at the rate of 3 gallons per minute, and the well-stirred mixture is drained from the container at the same rate.

a. Find the number of pounds of salt in the container as a function of time.

b. How many minutes does it take for the concentration to reach 2 pounds per gallon?

c. What does the concentration in the container approach for large values of time? Does this agree with your intuition?
You make two quarts of salsa for a party. The recipe calls for five teaspoons of lime juice per quart, but you had accidentally
put in five tablespoons per quart. You decide to feed your guests the salsa anyway. Assume that the guests take a quarter
cup of salsa per minute and that you replace what was taken with chopped tomatoes and onions without any lime juice. [ 1
quart =4 cups and 1 Tb = 3tsp.]

a. Write down the differential equation and initial condition for the amount of lime juice as a function of time in this

mixture-type problem.

b. Solve this initial value problem.

c. How long will it take to get the salsa back to the recipe’s suggested concentration?

Consider the chemical reaction leading to the system in Equations 6.2.4.3. Let the rate constants be k; = 0.20 ms™', k,
=0.05 ms!, and k3 = 0.10 ms~!. What do the eigenvalues of the coefficient matrix say about the behavior of the system?
Find the solution of the system assuming [A](0) = Ay = 1.0 pmol, [B](0) = 0, and [C](0) = 0. Plot the solutions for ¢ = 0.0 to
50.0 ms and describe what is happening over this time.

Find and classify any equilibrium points in the Romeo and Juliet problem for the following cases. Solve the systems and
describe their affections as a function of time.

a. a=0,b=2c=—1,d=0,R(0) =

b. a=0,b=2,c=1,d=0,R(0)=1,J(0)

c. a=—-1,b=2c¢=—1,d=0,R(0)=1,J(0)=1.

a. Inthat problem we used . Prove this result.
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Figure 6.9.1: Figure for Problem 17.

17. Two tanks contain a mixture of water and alcohol with tank A containing 500 L and tank B 1000 L. Initially, the concentration

18.

19.

of alcohol in Tank A is 0% and that of tank B is 80%. Solution leaves tank A into B at a rate of 15 liter/min and the solution
in tank B returns to A at a rate of 5 L/min while well mixed solution also leaves the system at 10 liter/min through an outlet.
A mixture of water and alcohol enters tank A at the rate of 10 liter/min with the concentration of 10% through an inlet. What
will be the concentration of the alcohol of the solution in each tank after 10 mins?

Consider the tank system in Problem 17. Add a third tank(C) to tan kB with a volume of 300 L. Connect C' with 8 L /min from
tank B and 2 L/min flow back. Let io L/min flow out of the system. If the initial concentration is 10% in each tank and a
mixture of water and alcohol enters tank A at the rate of 10 liter/min with the concentration of 20% through an inlet, what will
be the concentration of the alcohol in each of the tanks after an hour?

Consider the epidemic model leading to the system in Equation 6.2.7.1. Choose the constants as a = 2.0 days ~!,d = 3.0 days
~1,and r = 1.0 days . What are the eigenvalues of the coefficient matrix? Find the solution of the system assuming an initial
population of 1,000 and one infected individual. Plot the solutions for ¢t = 0.0 to 5.0 days and describe what is happening over
this time. Is this model realistic?

This page titled 6.9: Problems is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman via
source content that was edited to the style and standards of the LibreTexts platform.
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7: NONLINEAR SYSTEMS

"The scientist does not study nature because it is useful; he studies it because he delights in it, and he delights in it because it is
beautiful." - Jules Henri Poincaré (1854-1912)

7.1: Introduction

7.2: The Logistic Equation

7.3: Autonomous First Order Equations

7.4: Bifurcations for First Order Equations
7.5: The Stability of Fixed Points in Nonlinear Systems
7.6: Nonlinear Population Models

7.7: Limit Cycles

7.8: Nonautonomous Nonlinear Systems

7.9: The Period of the Nonlinear Pendulum
7.10: Exact Solutions Using Elliptic Functions
7.11: Problems

This page titled 7: Nonlinear Systems is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman
via source content that was edited to the style and standards of the LibreTexts platform.
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7.1: Introduction

SOME OF THE MOST INTERESTING PHENOMENA in the world are modeled by nonlinear systems. These systems can be modeled
by differential equations when time is considered as a continuous variable or difference equations when time is treated in discrete
steps. Applications involving differential equations can be found in many physical systems such as planetary systems, weather
prediction, electrical circuits, and kinetics. Even in some simple dynamical systems a combination of damping and a driving force
can lead to chaotic behavior. Namely, small changes in initial conditions could lead to very different outcomes. In this chapter we
will explore a few different nonlinear systems and introduce some of the tools needed to investigate them. These tools are based
on some of the material in Chapters 2 and 3 for linear systems of differential equations.

Nonlinear differential equations are either integrable, but difficult to solve, or they are not integrable and can only be solved
numerically. We will see that we can sometimes approximate the solutions of nonlinear systems with linear systems in small
regions of phase space and determine the qualitative behavior of the system without knowledge of the exact solution.

Nonlinear problems occur naturally. We will see problems from many of the same fields we explored in Section 6.2. We will
concentrate mainly on continuous dynamical systems. We will begin with a simple population model and look at the behavior of
equilibrium solutions of first order autonomous differential equations. We will then look at nonlinear systems in the plane, such as
the nonlinear pendulum and other nonlinear oscillations. We will conclude by discussing a few other interesting physical examples
stressing some of the key ideas of nonlinear dynamics.

This page titled 7.1: Introduction is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman via
source content that was edited to the style and standards of the LibreTexts platform.
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7.2: The Logistic Equation

In this section we will explore a simple nonlinear population model. Typically, we want to model the growth of a given population,
y(t), and the differential equation governing the growth behavior of this population is developed in a manner similar to that used
previously for mixing problems. Namely, we note that the rate of change of the population is given by an equation of the form

% = Rate In — Rate Out.

The Rate In could be due to the number of births per unit time and the Rate Out by the number of deaths per unit time. While
there are other potential contributions to these rates we will consider the birth and death rates in the simplest examples.

A simple population model can be obtained if one assumes that these rates are linear in the population. Thus, we assume that
the

Rate In = by and the Rate Out = my.

Here we have denoted the birth rate as b and the mortality rate as m. This gives the rate of change of population as

ﬁ—b —m
dt_y Y

(Malthusian population growth). Generally, these rates could depend on the time. In the case that they are both constant rates,
we can define k = b — m and obtain the familiar exponential model of population growth:

dy
29k
a Y

This is easily solved and one obtains exponential growth (k > 0) or decay (k < 0). This Malthusian growth model has been named
after Thomas Robert Malthus (1766 — 1834), a clergyman who used this model to warn of the impending doom of the human race
if its reproductive practices continued.

The logistic model was first published in previous exponential model takes the form 1838 by Pierre Frangois Verhulst ( 1804 1849)
in the form

dN N
. —rN(1=2=
at ( K )
where N is the population at time ¢, r is the growth rate, and K is what is called the carrying capacity. Note that in our model r

=k= Kec.

When populations get large enough, there is competition for resources, such as space and food, which can lead to a higher
mortality rate. Thus, the mortality rate may be a function of the population size, m = m(y). The simplest model would be a linear
dependence, m = m + cy. Then, the previous exponential model takes the form

where k = b — m. This is known as the logistic model of population growth. Typically, ¢ is small and the added nonlinear term does
not really kick in until the population gets large enough.

Example 7.2.1

Show that Equation 7.2.2 can be written in the form
2 =kz(1—2)

which has only one parameter.
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We carry this out be rescaling the population, y(t) = az(t), where « is to be determined. Inserting this transformation, we
have

y' = ky—cy’

a2 = akz— ca’z?

2 =kz (1 — a%z)

Thus, we obtain the result, 2’ = kz(1 — z), if we pick a = -

Before we obtain the exact solution, it is instructive to study the qualitative behavior of the solutions without actually writing down
any explicit solutions. Such methods are useful for more difficult nonlinear equations as we will see later in this chapter.

We will demonstrate this analysis with a simple logistic equation example. We will first look for constant solutions, called
equilibrium solutions, satisfying y’(¢) = 0. Then, we will look at the behavior of solutions near the equilibrium solutions, or fixed
points, and determine the stability of the equilibrium solutions. In the next section we will extend these ideas to other first order
differential equations.

Example 7.2.2

Find and classify the equilibrium solutions of the logistic equation,

If two solutions of the differential equation intersect then they have common values y; at time ¢;. Using this information,
we could set up an initial value problem for which the initial condition is y (¢;) = y1. Since the two different solutions
intersect at this point in the phase plane, we would have an initial value problem with two different solutions. This would
violate the uniqueness theorem for initial value problems.

First, we determine the equilibrium, or constant, solutions given by 3’ = 0. For this case, we have y —y?> = 0. So, the
equilibrium solutions are y =0 and y = 1.

These solutions divide the ty-plane into three regions, y < 0,0 < y < 1, and y > 1. Solutions that originate in one of these
regions at t = t, will remain in that region for all ¢t > ¢, since solutions of this differential equation cannot intersect.

Next, we determine the behavior of solutions in the three regions. Noting that y’(t) gives the slope of any solution in the
plane, then we find that the solutions are monotonic in each region. Namely, in regions where y’(¢) > 0, we have monotonically
increasing functions and in regions where y’(¢) < 0, we have monotonically decreasing functions. We determine the sign of
y’(t) from the right-hand side of the differential equation.

For example, in this problem y — »% > 0 only for the middle region and y — y? < 0 for the other two regions. Thus, the slope
is positive in the middle region, giving a rising solution as shown in Figure 7.1. Note that this solution does not cross the
equilibrium solutions. Similar statements can be made about the solutions in the other regions.

@IOIC]E) 300 (7.2.2)



LibreTexts"

Figure 7.2.1: Representative solution behavior for ¢y’ = y — 12

(Stable and unstable equilibria). We further note that the solutions on either side of the equilibrium solution y = 1 tend to
approach this equilibrium solution for large values of t. In fact, no matter how far these solutions are from y = 1, as long as
y(t) > 0, the solutions will eventually approach this equilibrium solution as ¢ — co. We then say that the equilibrium solution,
y =1, is a stable equilibrium.

Similarly, we note that the solutions on either side of the equilibrium solution y = 0 tend away from y = 0 for large values of ¢
. No matter how close a solution is to y = 0 at some given time, eventually these solutions will diverge as ¢t — co. We say that
such equilibrium solutions are unstable equilibria.

Figure 7.2.2: Representative solution behavior and the phase line for y’ = y — %
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o y=1
e y=20

Figure 7.2.3: Phase line for y/ = y — 3%

(Phase lines). If we are only interested in the behavior of the equilibrium solutions, we could just display a phase line. In
Figure 7.2.2 we place a vertical line to the right of the ty-plane plot. On this line we first place dots at the corresponding
equilibrium solutions and label the solutions. These points divide the phase line into three intervals.

In each interval we then place arrows pointing upward or downward indicating solutions with positive or negative slopes,
respectively. For example, for the interval y > 1 there is a downward pointing arrow indicating that the slope is negative in
that region.

Looking at the resulting phase line we can determine if a given equilibrium is stable (arrows pointing towards the point) or
unstable (arrows pointing away from the point). In Figure 7.2.3 we draw the final phase line by itself. We see that y =1 is a
stable equilibrium point and y = 0 is an unstable equilibrium point.

The Riccati Equation

WE HAVE SEEN THAT ONE DOES NOT NEED an explicit solution of the logistic Equation 7.2.2 in order to study the behavior of its
solutions. However, the logistic equation is an example of a nonlinear first order equation that is solvable. It is also an example
of a general Riccati equation, a first order differential equation quadratic in the unknown function.

The Riccati equation is named after the Italian mathematician Jacopo Francesco Riccati (1676 — 1754). When a(¢) = 0, the
equation becomes a Bernoulli equation.

The general form of the Riccati equation is

d
= = a(t) + b(t)y + e(t)y’
As long as c(t) # 0, this equation can be reduced to a second order linear differential equation through the transformation

_ 1 ()
v =~

We will demonstrate the use of this transformation in obtaining the solution of the logistic equation.
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Example 7.2.3

Solve the logistic equation

using the transformation

dy_l z// .’E, 2
dt ¢ | z a8

[ﬂ/’ ——(cy)2] (7.2.1)

Inserting this result into the logistic equation 7.2.5, we have

1 144 1 ’
SSat=rg (L) -t

Simplifying, we see that the logistic equation has been reduced to a second order linear, differential equation,

z" = ka’
This equation is readily solved. One integration gives
z’(t) = Be.
A second integration gives
z(t) = A+ Be™
where A and B are two arbitrary constants.

Inserting this result into the Riccati transformation, we obtain

1z kBekt
yt) = —=— = ————~
cx ¢ (A + Belt)

It appears that we have two arbitrary constants. However, we started out with a first order differential equation and so we
expect only one arbitrary constant. We can resolve this dilemma by dividing ! the numerator and denominator by Be** and

.. A .
defining C' = "k Then, we have the solution

k/c
yit) = ———
1+ Ce
showing that there really is only one arbitrary constant in the solution. Plots of the solution 7.2.7 of the logistic equation for
different initial conditions gives the solutions seen in the last section. In particular, setting all of the constants to unity, we
have the sigmoid function,

1

)= —".
y(t) Tr e
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This is the signature S-shaped curve of the logistic model as shown in Figure 7.2.4. We should note that this is not the only
way to obtain the solution to the logistic equation, though this approach has provided us with an introduction to Riccati
equations. A more direct approach would be to use separation of variables on the logistic equation, which is Problem 1.

N
1 41

0.5

i f f f f f f f — X
—5 -3 —1 1 3 5
Figure 7.2.4: Plot of the sigmoid function.

1 available at the end of this section.

Answers

Example 7.2.3
This general solution holds for B # 0. If B = 0, then we have z(t) = A and, thus, y(t) is the constant equilibrium solution.

This page titled 7.2: The Logistic Equation is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.
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7.3: Autonomous First Order Equations

In this section we will study the stability of nonlinear first order autonomous equations. We will then extend this study in the next
section to looking at families of first order equations which are connected through a parameter.

Recall that a first order autonomous equation is given in the form

%Y — f(y) (73.1)
. of . . . s .
We will assume that f and M are continuous functions of y, so that we know that solutions of initial value problems exist and are
Y

unique.

A solution y(t) of Equation 7.3.1 is called an equilibrium solution, or a fixed point solution, if it is a constant solution satisfying
y'(t) = 0. Such solutions are the roots of the right-hand side of the differential equation, f(y) = 0.

Example 7.3.1

Find the equilibrium solutions of 3’ =1 — 3.
Solution

The equilibrium solutions are the roots of f(y) = 1 — 4% = 0. The equilibria are found to be y = +1.

Once we have determined the equilibrium solutions, we would like to classify them. Are they stable or unstable? As we had
seen previously, we are interested in the behavior of solutions near the equilibria. This classification can be determined using a
linearization of the given equation. This will provide an analytic criteria to establish the stability of equilibrium solutions without
geometrically drawing the phase lines as we had done previously.

Definition: Linearization of first order equations

Let y* be an equilibrium solution of Equation 7.3.1. Then, any solution can be written in the form
y(t) =y +£(1t) (7.3.2)

where £(t) measures how far the solution is from the equilibrium at any given time.

Inserting Equation 7.3.2 form into Equation 7.3.1, we have

9 _

= =fly" +¢

We now consider small £(¢) in order to study solutions near the equilibrium solution. For such solutions, we can expand f(y) about
the equilibrium solution,

P +E) = FW) + 1 W) E+ 5 )€ -

Since y* is an equilibrium solution, f (y*) = 0, the first term in the Taylor series vanishes. If the first derivative does not vanish,
then for solutions close to equilibrium, we can neglect higher order terms in the expansion. Then, £(¢) approximately satisfies the
differential equation

9« _

=W (7.3.3)
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This is called a linearization of the original nonlinear equation about the equilibrium point. This equation has exponential
solutions for f’ (y*) # 0,

(t) = €oe! O,

Now we see how the stability criteria arise. If f’ (y*) > 0,&(¢) grows in time. Therefore, nearby solutions stray from the equilibrium
solution for large times. On the other hand, if f’(y*) < 0,£(¢) decays in time and nearby solutions approach the equilibrium
solution for large t. Thus, we have the results:

f/(y") <0, y* is stable. -
f (y*) >0, y"is unstable. -9

The stability criteria for equilibrium solutions of a first order differential equation.

Example 7.3.2

Determine the stability of the equilibrium solutions of iy’ = 1 — g2
In the last example we found the equilibrium solutions, y* = +1. The stability criteria require computing
) =2y

For this problem we have f’(+1) = F2. Therefore, y* = 1 is a stable equilibrium and y* = —1 is an unstable equilibrium.

Example 7.3.3

Find and classify the equilibria for the logistic equation 3’ = y — 2.

Solution

We had already investigated this problem using phase lines. There are two equilibria, y =0 and y = 1.

We next apply the stability criteria. Noting that f’(y) = 1 — 2y, the first equilibrium solution gives f/(0) = 1. So, y = 0 is an

unstable equilibrium. Since f’(1) = —1 < 0, we see that y = 1 is a stable equilibrium. These results are the same as we hade
determined earlier using phase lines.

This page titled 7.3: Autonomous First Order Equations is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated
by Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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7.4: Bifurcations for First Order Equations

We now consider families of first order autonomous differential equations of the form

dy_

p = f(y; 1)

Here u is a parameter that we can change and then observe the resulting behaviors of the solutions of the differential equation.
When a small change in the parameter leads to changes in the behavior of the solution, then the system is said to undergo a
bifurcation. The value of the parameter, u, at which the bifurcation occurs is called a bifurcation point.

We will consider several generic examples, leading to special classes of bifurcations of first order autonomous differential
equations. We will study the stability of equilibrium solutions using both phase lines and the stability criteria developed in the last
section

Example 7.4.1

y =y —p

Solution

First note that equilibrium solutions occur for y? = . In this problem, there are three cases to consider.
1. p>0.

In this case there are two real solutions of y? = u,y = +./z. Note that y? — u < 0 for |y| < \/z. So, we have the right phase line
in Figure 7.4.1\).

1 N N
I
I

~

Figure 7.4.1: Phase lines for ¢/ = y? — 11.0n the right x> 0 and on the left u < 0.
2. 4p=0.

There is only one equilibrium point at y = 0. The equation becomes 3’ = y2. It is obvious that the right side of this equation
is never negative. So, the phase line, which is shown as the middle line in Figure 7.4.1, has upward pointing arrows.

3. u<O.
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In this case there are no equilibrium solutions. Since y? — i > 0, the slopes for all solutions are positive as indicated by the
last phase line in Figure 7.4.1.

We can also confirm the behaviors of the equilibrium points by noting that f’(y) = 2y. Then, f’(+/n) = +2,/u for u > 0.
Therefore, the equilibria y = +,/z are unstable equilibria for 1 > 0. Similarly, the equilibria y = —,/iz are stable equilibria for
w> 0.

We can combine these results for the phase lines into one diagram known as a bifurcation diagram. We will plot the
equilibrium solutions and their phase lines y = +,/z in the py-plane. We begin by lining up the phase lines for various u’ s.
These are shown on the left side of Figure 7.6. Note the pattern of equilibrium points lies on the parabolic curve y?> = u. The
upper branch of this curve is a collection of unstable equilibria and the bottom is a stable branch. So, we can dispose of the
phase lines and just keep the equilibria. However, we will draw the unstable branch as a dashed line and the stable branch as
a solid line.

AAAA ‘

AAAA ‘

(a) (b)

Figure 7.4.2: (a) The typical phase lines for y’ = y? — u. (b) Bifurcation diagram for 4’ = y? — u. This is an example of a saddle-node
bifurcation.

The bifurcation diagram is displayed on the right side of Figure 7.4.2. This type of bifurcation is called a saddle-node
bifurcation. The point u = 0 at which the behavior changes is the bifurcation point. As u changes from negative to positive
values, the system goes from having no equilibria to having one stable and one unstable equilibrium point.

Example 7.4.2

v =9~y
Solution

Writing this equation in factored form, y’ = y(y — i), we see that there are two equilibrium points, y =0 and y = . The
behavior of the solutions depends upon the sign of ¢’ = y(y — u). This leads to four cases with the indicated signs of the
derivative. The regions indicating the signs of 3" are shown in Figure 7 - 7.

y>0,y—pu>0=y" >0.
y<0,y—pu>0=y <0.
y>0,y—pu<0=y <0.
y<0,y—pu<0=y >0.

pPwnN o

@IOIC]E) 308 (7.4.2)



LibreTextS“'

y
y=*H
@ ©
y >0 Yy <0
y <0 y >0 )
@) O

Figure 7.4.3: The regions indicating the different signs of the derivative for y’ = y? — uy.

The corresponding phase lines and superimposed bifurcation diagram are shown in figure 7.8. The bifurcation diagram is on
the right side of Figure 7.8 and this type of bifurcation is called a transcritical bifurcation.

Again, the stability can be determined from the derivative f’(y) = 2y — u evaluated at y = 0, u. From f/(0) = —u, we see that

y = 0 is stable for u > 0 and unstable for p < 0. Similarly, f’(x) = p implies that y = u is unstable for x> 0 and stable for 4
< 0. These results are consistent with the phase line plots.

Example 7.4.3

v =y’ — .
Solution
For this last example, we find from y® — uy = y (y> — ) = 0 that there are two cases.

1. u < 0. In this case there is only one equilibrium point at y = 0. For positive values of y we have that y’ > 0 and for
negative values of y we have that y” < 0. Therefore, this is an unstable equilibrium point.
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(a) (b)
Figure 7.4.4: (a) Collection of phase lines for 4’ = y*> — uy. (b) Bifurcation diagram for ¢’ = y?> — uy. This is an example of a transcritical
bifurcation.
LS
]
y=\/u .-
’ -
o e al L
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-99999000800089- -} = @ --------- i
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= -
Im T
v H -
(b)

(a)

Figure 7.4.5: (a) The phase lines for 4’ = y® — uy. The left one corresponds to u < 8 and the right phase line is for u > 0. (b) Bifurcation
diagram for y’ = y® — uy. This is an example of a pitchfork bifurcation.

When two of the prongs of the pitchfork are unstable branches, the bifurcation is called a subcritical pitchfork bifurcation.
When two prongs are stable branches, the bifurcation is a supercritical pitchfork bifurcation.
2. 1> 0. Here we have three equilibria, y = 0, 4,/z. A careful investigation shows that y = 0 is a stable equilibrium point

and that the other two equilibria are unstable.
In Figure 7.4.5\) we show the phase lines for these two cases. The corresponding bifurcation diagram is then sketched on the
right side of Figure 7.4.5. For obvious reasons this has been labeled a pitchfork bifurcation.

Since f’(y) = 3y — u, the stability analysis gives that f/(0) = —u. So, y = 0 is stable for u > 0 and unstable for p < 0. For u
> 0, we have that f’(4,/1) = 2u. Therefore, y = +./n, 1 > 0, is unstable. Thus, we have a subcritical pitchfork bifurcation.

This page titled 7.4: Bifurcations for First Order Equations is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or
curated by Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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7.5: The Stability of Fixed Points in Nonlinear Systems

We next investigate the stability of the equilibrium solutions of the nonlinear pendulum which we first encountered in section
2.3.2.. Along the way we will develop some basic methods for studying the stability of equilibria in nonlinear systems in general.

Recall that the derivation of the pendulum equation was based upon a simple point mass m hanging on a string of length L from
some support as shown in Figure 7.5.1. One pulls the mass back to some starting angle, 8, and releases it. The goal is to find the
angular position as a function of time, ().

In Chapter 2 we derived the nonlinear pendulum equation,
L6+ gsinf =0

There are several variations of Equation 7.5.1 which we have used in this text. The first one is the linear pendulum, which was
obtained using a small angle approximation,

LO+g0=0

PRalN -
-
"--l..-‘,--‘— m

\
~ 4

Figure 7.5.1: A simple pendulum consists of a point mass m attached to a string of length L. It is released from an angle 6.

We also made the system more realistic by adding damping and forcing. A variety of these oscillation problems are summarized
in the table below.

Equations for Pendulum Motion

Nonlinear Pendulum: Lé + gsin6 = 0.

Damped Nonlinear Pendulum: Lf + b + gsind = 0.

Linear Pendulum: L + gf = 0.

Damped Linear Pendulum: L6 + b + g6 = 0.

Forced Damped Nonlinear Pendulum: L + b6 + gsin 6 = F cos wt.
Forced Damped Linear Pendulum: Lé + b6 + g0 = F cos wt.

o0k WN o

There are two simple systems that we will consider, the damped linear pendulum, in the form

2 +bz’ + Wiz =0
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and the the damped nonlinear pendulum, in the form
2" + bz’ +w?sinz =0

These are second order differential equations and can be cast as a system of two first order differential equations using the
methods of Chapter 6.

The linear equation can be written as

’

T =y
(7.5.1)
y = —by —wz
This system has only one equilibrium solution, z = 0,y = 0.
The damped nonlinear pendulum takes the form
' =y
/ . (7.5.2)
y = —by—w”sinx

This system also has the equilibrium solution = = 0,y = 0. However, there are actually an infinite number of solutions. The
equilibria are determined from

y=0and —by—w?sinz =0

These equations imply that y =0 and sinz = 0. There are an infinite number of solutions to the latter equation: z = nm,n
=0,41,42, .... So, this system has an infinite number of equilibria, (nm,0),n =0, +1, £2, ...

The next step is to determine the stability of the equilibrium solutions these systems. This can be accomplished just as we had
done for first order equations. To do this we need a more general theory for nonlinear systems. So, we will develop the needed
machinery.

We begin with the n-dimensional system

x' =f(x), xeR"

Here f: R® — R™ is a mapping from R"™ to R™. We define the equilibrium solutions, or fixed points, of this system as the points x*
satisfying f(z*) = 0.

Y.

x=x"4+¢

Figure 7.5.2: A general point in the plane, which is near the fixed point, in the form x = x* + ¢

(Linear stability analysis of systems). The stability in the neighborhood of equilibria will now be determined. We are interested in
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what happens to solutions of the system with initial conditions starting near a fixed point. We will represent a general point in the
plane, which is near the fixed point, in the form x = x* + £& We note that the length of £ gives an indication of how close we are to
the fixed point. So, we consider that initially, |¢] < 1.

As the system evolves, ¢ will change. The change of ¢ in time is in turn governed by a system of equations. We can approximate
this evolution as follows. First, we note that

Next, we have that
x=x"+¢
We can expand the right side about the fixed point using a multidimensional version of Taylor's Theorem. Thus, we have that
f(x"+€) =f(x") + DE(x") €+ O (|¢]*)

(The Jacobian matrix). Here Df(x) is the Jacobian matrix, defined as

on o oh
6:51 8%2 8-'15n
of

Df (x*) = 0z
Ofn . . O
8%1 axn

Noting that f (x*) = 0, we then have that System 7.5.6 becomes
¢~ Df (x")¢

It is this equation which describes the behavior of the system near the fixed point. As with first order equations, we say that
System 7.5.6 has been linearized or that Equation 7.5.7 is the linearization of System 7.5.6.

(Linearization of the system x’ = f(x)). The stability of the equilibrium point of the nonlinear system is now reduced to analyzing
the behavior of the linearized system given by Equation 7.5.7. We can use the methods from the last two chapters to investigate
the eigenvalues of the Jacobian matrix evaluated at each equilibrium point. We will demonstrate this procedure with several
examples.

Example 7.5.1

Determine the equilibrium points and their stability for the system

2 = 2z — 3y

) , (7.5.3)
y =3y—vy
We first determine the fixed points. Setting the right-hand side equal to zero and factoring, we have
—z(24+3y) =0
(2+3y) (7.5.4)
y3—y)=0

From the second equation, we see that either y = 0 or y = 3. The first equation then gives z = 0 in either case. So, there are
two fixed points: (0,0) and (0, 3).

Next, we linearize the system of differential equations about each fixed point. First, we note that the Jacobian matrix is given
by
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1. Case I Equilibrium point (0, 0).

In this case we find that

2. Case II Equilibrium point (0, 3).

Therefore, the linearized equation becomes

This is equivalently written out as the system

(—Q—Sy —3x )
Df(z,y) =
0 3—2y
prooy=| 2 °
(0,0) = "
-2 0
s':( )g
0 3
& =—2¢&
f§:3§2-

Dm@=<

—11

This is the linearized system about the origin. Note the similarity with the original system. We should emphasize that the
linearized equations are constant coefficient equations and we can use matrix methods to determine the nature of the
equilibrium point. The eigenvalues of this system are obviously A = —2, 3. Therefore, we have that the origin is a saddle point.

Again we evaluate the Jacobian matrix at the equilibrium point and look at its eigenvalues to determine the type of fixed
point. The Jacobian matrix for this case becomes

0
-3

)

0

The eigenvalues are A = —11, —3. So, this fixed point is a stable node.

@O0
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Figure 7.5.3: Phase plane for the system 2’ = —2z — 32y, y’ = 3y — y>.
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This analysis has given us a saddle and a stable node. We know what the behavior is like near each fixed point, but we have to
resort to other means to say anything about the behavior far from these points. The phase portrait for this system is given in
Figure 7.5.3. You should be able to locate the saddle point and the node in the figure. Notice how solutions behave in regions
far from these points.

We can expect to be able to perform a linearization under general conditions. These are given in the Hartman-Grofman Theorem:

A continuous map exists between the linear and nonlinear systems when Df (x*) does not have any eigenvalues with zero
real part.

Generally, there are several types of behavior that one can see in nonlinear systems. One can see sinks or sources, hyperbolic
(saddle) points, elliptic points (centers) or foci. We have defined some of these for planar systems. In general, if at least two
eigenvalues have real parts with opposite signs, then the fixed point is a hyperbolic point. If the real part of a nonzero eigenvalue
is zero, then we have a center, or elliptic point.

For linear systems in the plane, this classification was done in Chapter 6 . The Jacobian matrix evaluated at the equilibrium points
is simply the 2 x 2 coefficient matrix we had called A.
a b
J= .
c d

Here we are using J = Df (x*).
The eigenvalue equation is given by
M —(a+d)X+ (ad—bc) =0
However, a + d is the trace, tr(J) and det(J) = ad — bc. Therefore, we can write the eigenvalue equation as
A% —tr(J)A + det(J) =0

The solution of this equation is found using the quadratic formula,

1
A:EPMﬂitﬂﬂfmmw
We had seen in previous chapter that equilibrium points in planar systems can be classified as nodes, saddles, centers, or spirals
(foci). The type of behavior can be determined from solutions of the eigenvalue equation. Since the nature of the eigenvalues
depends on the trace and determinant of the Jacobian matrix at the equilibrium point, we can relate the types of equilibria to
points in the det-tr plane. This is shown in Figure 7.5.4, which is similar to Figure 6.7.1.

In Figure 7.5.4 the parabola tr?(J) = 4det(J) divides the det-tr plane. Points on this curve give a vanishing discriminant in the
computation of the eigenvalues. In these cases one finds repeated roots, or eigenvalues. Along this curve one can find stable
and unstable degenerate nodes. Also along this line are stable and unstable proper nodes, called star nodes. These arise from
systems of the form z’ = az,y’ = ay.

In the case that det(J) < 0, we have that the discriminant
A = tr?(J) — 4det(J)

is positive. Not only that, A > tr?(J). Thus, we obtain two real and distinct eigenvalues with opposite signs. These lead to saddle
points.

In the case that det(J) > 0, we can have either A > 0 or A < 0. The discriminant is negative for points inside the parabolic curve.

It is in this region that one finds centers and spirals, corresponding to complex eigenvalues. When tr(J) > 0, there are unstable
spirals. There are stable spirals when tr(.JJ) < 0. For the case that tr(J) = 0, the eigenvalues are pure imaginary, giving centers.
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There are several other types of behavior depicted

tr(J)

unstable lines/
7]

saddles

in the figure, but we will now turn to studying a few of examples.

unstable nodes

<l
Py
degenerate nodes

unstable spirals

\%\

centers

det(J)

/
7

stable lines

[

stable nodes

Figure 7.5.4: Diagram indicating the behavior of equilibrium points in the det tr plane. The parabolic curve

tr2(J) = 4 det(J)

indicates where the discriminant vanishes.

Example 7.5.2

Find and classify all the equilibrium solutions of

Y

In Figure 7.5.5 we show the direction field for th

@O0

2a:fy+2zy+3(x2f

the nonlinear system.

z’ =2z —y+2zy+3(z* —y?)

, . s (7.5.6)
:w—3y+xy—3(x -y )

is system. Try to locate and classify the equilibrium points visually. After the

stability analysis, you should return to this figure and determine if you identified the equilibrium points correctly.

We will first determine the equilibrium points. Setting the righthand side of each differential equation to zero, we have

)
)

2
Y 0

(7.5.7)
y’)=0

:c—3y+xy—3(x2—

This system of algebraic equations can be solved exactly. Adding the equations, we have

3x—4y+3zy =0
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Figure 7.5.5: Phase plane for the system

z’ =2z —y+2zy+3(z® —y?),

Yy =z —3y+azy—3(z>—y°).

Solving for z,
4y
.. /-
3(1+y)

and substituting the result for z into the first algebraic equation, we find an equation for y :

y(1—y) (9y° + 22y +5)
3(1+y)?

The solutions to this equation are

11 2
y=0,1,— 4+ —V19

9 9
The corresponding values for z are
2 V19
=0,2,1F —.
x b 3 b :F 3

Now that we have located the equilibria, we can classify them. The Jacobian matrix is given by

6x+2y+2 2z—6y—1
Df(z,y) =

—6x+y+1 x+6y—3
Now, we evaluate the Jacobian at each equilibrium point and find the eigenvalues.

1. Case L. Equilibrium point (0, 0).

In this case we find that

—2 -1
Df(o,o)< . 3)
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The eigenvalues of this matrix are A = -3 + —5 Therefore, the origin is a saddle point.

2. Case II. Equilibrium point (%, 1).

Again we evaluate the Jacobian matrix at the equilibrium point and look at its eigenvalues to determine the type of fixed
point. The Jacobian matrix for this case becomes

17
g8
(3|
3 9 11
3
. 35 V577 e .
The eigenvalues are \ = 5 + 6 ~ 9.84,1.83. This fixed point is an unstable node.
V1 11 2
3. Case III Equilibrium point <1 F Tg, Yy + g\/19> .
The Jacobian matrix for this case becomes
50 14

25
—F V19 = F2/19
9 11 2
Df(w_?,_?igm): oot
f—:i:?\/ﬁ —?i\/ﬁ

There are two equilibrium points under this case. The first is given by

19 11 2
1——,—+ —=Vv19 | = (0.453,—0.254
(LI P
The eigenvalues for this point are
17 5 1
A= -9~ 1—8\/19 + 5 3868V 19 — 16153

These are approximately —4.58 and —1.62 So, this equilibrium point is a stable node.

The other equilibrium is (1 + _~19’71_1 2

3 9 9\/19> ~ (2.45,—2.19). The corresponding eigenvalues are complex with

negative real parts,

17 5 )
A=——+4+ —V19+ —1/ 16153 + 3868v 19
9 * 18 + 18 +

or A ~ —0.678 + 10.1:. This point is a stable spiral.

Plots of the phase plane are given in Figures 7.5.3 and 7.5.5. The reader can look at the direction field and verify these results
for the behavior of equilibrium solutions. A zoomed in view is shown in Figure 7.5.6 with several orbits indicated.
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|
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Figure 7.5.6: A closer look at the phase plane for the system
z’ =2z —y+2zy+3(z* —y?)
Yy =z —3y+ay—3(z®—y°)

with a few trajectories shown.

Example 7.5.3Damped Nonlinear Pendulum Equilibria

We are now ready to establish the behavior of the fixed points of the damped nonlinear pendulum system in Equation 7.5.4.
Recall that the system for the damped nonlinear pendulum was given by

r =9y
\ (7.5.8)

y = —by—w’sinz

For a damped system, we will need b > 0. We had found that there are an infinite number of equilibrium points at (nm,0),n
=0,41,42,...

The Jacobian matrix for this systems is

0 1
Dite,y) = —w?cosz —b

Evaluating this matrix at the fixed points, we find that

( ) 0 1 0 1
Df(nr,0) = =
—w?cosnm  —b (=D)™1w? —b

The eigenvalue equation is given by
M4+ ()W =0
There are two cases to consider: n even and n odd. For the first case, we find the eigenvalues

 —=b+ Vb2 —4w?

A 2
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For b? < 4w?, we have two complex conjugate roots with a negative real part. Thus, we have stable foci for even n values. If
there is no damping, then we obtain centers (A = +iw).

In the second case, n odd, we find

—b+ Vb2 + 4w?

A=
2

Since b2 + 4w? > b2, these roots will be real with opposite signs. Thus, we have hyperbolic points, or saddles. If there is no
damping, the eigenvalues reduce to A = +w.

In Figure 7.5.7 we show the phase plane for the undamped nonlinear pendulum with w = 1.25. We see that we have a mixture
of centers and saddles. There are orbits for which there is periodic motion. In the case that § = = we have an inverted
pendulum. This is an unstable position and this is reflected in the presence of saddle points, especially if the pendulum is
constructed using a massless rod.

-—b/ﬂﬁw

—Sta_\mﬁﬂ,/ﬁxm_ﬁv\#.ﬂf.a_
_4_..;_&\%_#/&#'%&.&-——{-3—

T T T T T

- 0 T 2T 3T
X

Figure 7.5.7: Phase plane for the undamped nonlinear pendulum. Solution curves are shown for initial conditions
($07 Z/o) = (07 3)a (0, 2)7 (Oa 1)7 (57 1)

There are also unbounded orbits, going through all possible angles. These correspond to the mass spinning around the pivot
in one direction forever due to initially having large enough energies.

We have indicated in the figure solution curves with the initial conditions (zo, y¢) = (0, 3), (0,2), (0,1), (5,1). These show the
various types of motions that we have described.
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Figure 7.5.8: Phase plane for the damped nonlinear pendulum. Solution curves are shown for initial conditions (z, y¢)
= (0,3),(0,2),(0,1), (5,1).

When there is damping, we see that we can have a variety of other behaviors as seen in Figure 7.5.8. In this example we
have set b = 0.08 and w = 1.25. We see that energy loss results in the mass settling around one of the stable fixed points.
This leads to an understanding as to why there are an infinite number of equilibria, even though physically the mass traces
out a bound set of Cartesian points. We have indicated in the Figure 7.5.8 solution curves with the initial conditions (z, yo)
=(0,3),(0,2),(0,1), (5,1).

In Figure 7.5.9 we show a region of the phase plane which corresponds to oscillations about x = 0. For small angles the
pendulum oscillates following somewhat elliptical orbits. As the angles get larger, due to greater initial energies, these orbits
begin to change from ellipses to other periodic orbits. There is a limiting orbit, beyond which one has unbounded motion.
The limiting orbit connects the saddle points on either side of the center. The curve is called a separatrix and being that
these trajectories connect two saddles, they are often referred to as heteroclinic orbits.

. ___—_= S e S A A —a s

B b D NG NG N B P P ™ P P pay—

-7 0 T

Figure 7.5.9: Several orbits in the phase plane for the undamped nonlinear pendulum with w = 5.0. The orbits surround a center at (0, 0). At
the edges there are saddle points, (£, 0).
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(Heteroclinc orbits and separatrices). In Figures 7.5.10 we show more orbits, including both bound and unbound motion
beyond the interval z € [—r, 7r]. For both plots we have chosen w = 5 and the same set of initial conditions, z(0) = 7k/10, k =
—20, ..., 20. for y(0) = 0, £10. The time interval is taken for ¢ € [—3, 3]. The only difference is that in the damped case we have
b= 0.5. In these plots one can see what happens to the heteroclinic orbits and nearby unbounded orbits under damping.

Figure 7.5.10: Several orbits in the phase plane for the undamped nonlinear pendulum with w = 5.0.

Before leaving this problem, we should note that the orbits in the phase plane for the undamped nonlinear pendulum can be
obtained graphically. Recall from Equation 7.9.6, the total mechanical energy for the nonlinear pendulum is

1 .
E= EmLZH2 + mgL(1 — cos 6)
From this equation we obtained Equation 7.9.7,

1.
502 — w?cosh = —w?cos by

Figure 7.5.11: Several orbits in the phase plane for the damped nonlinear pendulum with w = 5.0 and b = 0.5.

Letting y = 6, z = 6, and defining z = —w? cos 8, this equation can be Written as
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1 2 2
B Yy W COST =2
For each energy (z), this gives a constant energy curve. Plotting the family of energy curves we obtain the phase portrait

shown in Figure 7.5.12.

i

9! 0_

_'TC—

2n -m O T 2 3m
)

. . . 1.
Figure 7.5.12: A family of energy curves in the phase plane for 502 — w?cosf = 2z Here we took w = 1.0 and z € [-5,15].

This page titled 7.5: The Stability of Fixed Points in Nonlinear Systems is shared under a CC BY-NC-SA 3.0 license and was authored, remixed,
and/or curated by Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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7.6: Nonlinear Population Models

WE HAVE ALREADY ENCOUNTERED SEVERAL MODELS Of population dynamics in this and previous chapters. Of course, one
could dream up several other examples. While such models might seem far from applications in physics, it turns out that these
models lead to systems od differential equations which also appear in physical systems such as the coupling of waves in lasers,
in plasma physics, and in chemical reactions.

The Lotka-Volterra model is named after model looks similar, except there are a few sign changes, since one species Alfred
James Lotka (1880-1949) and Vito Volterra (1860-1940). is not feeding on the other. Also, we can build in logistic terms into our
model. We will save this latter type of model for the homework.

Two well-known nonlinear population models are the predator-prey and competing species models. In the predator-prey model,
one typically has one species, the predator, feeding on the other, the prey. We will look at the standard Lotka-Volterra model in
this section. The competing species

(The Lotka-Volterra model of population dynamics). The Lotka-Volterra model takes the form

T = ax — bxy,
. (7.6.1)
y = —dy + cxy,

where a,b,c, and d are positive constants. In this model, we can think of z as the population of rabbits (prey) and y is the
population of foxes (predators). Choosing all constants to be positive, we can describe the terms.

e ax: When left alone, the rabbit population will grow. Thus a is the natural growth rate without predators.

e —dy: When there are no rabbits, the fox population should decay. Thus, the coefficient needs to be negative.

e —bxy: We add a nonlinear term corresponding to the depletion of the rabbits when the foxes are around.

e cxy. The more rabbits there are, the more food for the foxes. So, we add a nonlinear term giving rise to an increase in fox
population.

Example 7.6.1

Determine the equilibrium points and their stability for the Lotka-Volterra system.

The analysis of the Lotka-Volterra model begins with determining the fixed points. So, we have from Equation 7.6.1

z(a—by) =0,

y(—d +cx) = 0. (7.62)

. . d . .
Therefore, the origin, (0,0), and (—, %) are the fixed points.
C

Next, we determine their stability, by linearization about the fixed points. We can use the Jacobian matrix, or we could just
expand the right-hand side of each equation in Equation 7.6.1 about the equilibrium points as shown in he next example. The

Jacobian matrix for this system is
a— by —bx
Df(z,y) =
cy —d + cx

a 0
Df<o,o>=<0 _d>,

Evaluating at each fixed point, we have
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Df<_7_): ¢
¢ b a
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The eigenvalues of (7 - 3%) are A = a, —d. So, the origin is a saddle point.

The eigenvalues of Equation 7.6.4 satisfy A? 4+ ad = 0. So, the other point is a center. In Figure 7.6.1 we show a sample
direction field for the Lotka-Volterra system.

107

Figure 7.6.1:Phase plane for the LotkaVolterra system given by & = = — 0.2zy, y = —y + 0.2zy. Solution curves are shown for initial
conditions (zg,yo) = (8,3), (1,5).

Another way to carry out the linearization of the system of differential equations is to expand the equations about the fixed points.
For fixed points (z*, y*), we let

(z,y) = (" +u,y" +v)

Inserting this translation of the origin into the equations of the system, and dropping nonlinear terms in » and v, results in the
linearized system. This method is equivalent to analyzing the Jacobian matrix for each fixed point.

Direct linearization of a system is carried out by introducing x = x* + ¢, or (z,y) = (z* + u,y* + v) into the system and dropping
nonlinear terms in » and v.

Example 7.6.1

Expand the Lotka-Volterra system about the equilibrium points.

For the origin (0, 0) the linearization about the origin amounts to simply dropping the nonlinear terms. In this case we have

U = au, (76.3)
v = —dv. o

The coefficient matrix for this system is the same as Df(0,0).

For the second fixed point, we let

(9= 2 +u 2 +0\).
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Inserting this transformation into the system gives

uza(%+u>7b(%+u) (%+v>

d (7.6.4)
= —d( & i e
V= d(b +v)+c(c +u) (b +v).
Expanding, we obtain

. ad (ad d a >

U=—+au—b(-—+—v+—-utuv

c be c b
(7.6.5)

. ad (ad d a )
t=——dvtc|— +—v+—-utuv
b be c b

In both equations the constant terms cancel and linearization is simply getting rid of the uv terms. This leaves the linearized
system

. d a
u=au—b(—v+—u)
@

b
(7.6.6)
. ( d a )
v=—dv+c|+—v+ —u
c b
Or
bd
u = —?’U,
. ac (7.6.7)
=) 5 u

The coefficient matrix for this linearized system is the same as D f (—, %) In fact, for nearby orbits, they are almost circular
C

orbits. From this linearized system, we have i + adu = 0.

We can take u = A cos(vadt + ¢), where A and ¢ can be determined from the initial conditions. Then,

C

V= ——i

b
(&) o
- wA\/@sm(x/ﬁt + ¢) (7.6.8)

c [a .
= 3\/;Asm(\/Et +9)

Therefore, the solutions near the center are given by

(z,y) = (% + Acos(Vadt + ¢), % + %\/gA sin(Vadt + qﬁ)) )

Fora=d=1,b=c¢= 0.2, and initial values of (z,y0) = (5.5, 5), these solutions become
z(t) =5.0+0.5cost, y(t)=5.0+0.5sint
Plots of these solutions are shown in Figure 7.6.2.

It is also possible to find a first integral of the Lotka-Volterra system whose level curves give the phase portrait of the system. As
we had done in Chapter 2, we can write
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dy _ 3
dz T
_ —dy+czy
= ez —bay (7.6.9)
_ y(=d+cx)
-~ z(a—by)

xy

I— Prep =*=+* P;'cda.’url

Figure 7.6.2: The linearized solutions of Lotka-Volterra system & = z — 0.2zy, y = —y + 0.2zy for the initial conditions (z,yo) = (5.5, 5).

This is an equation of the form seen in Problem 2.6.13. This equation is now a separable differential equation. The solution this
differential equation is given in implicit form as

alny + dinx —cx — by =C

where C is an arbitrary constant. This expression is known as the first system.

101
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Figure 7.6.3: Phase plane for the LotkaVolterra system given by & = z — 0.2zy, y = —y + 0.2zy based upon the first integral of the system.
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This page titled 7.6: Nonlinear Population Models is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by
Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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7.7: Limit Cycles

So far we have just been concerned with equilibrium solutions and their behavior. However, asymptotically stable fixed points are
not the only attractors. There are other types of solutions, known as limit cycles, towards which a solution may tend. In this section
we will look at some examples of these periodic solutions.

Such solutions are common in nature. Rayleigh investigated the problem
7" 1 7\2 ’
" +c g(m)—l)az +z=0

in the study of the vibrations of a violin string. Balthasar van der Pol (1889-1959) studied an electrical circuit, modeling this
behavior. Others have looked into biological systems, such as neural systems, chemical reactions, such as Michaelis-Menten
kinetics, and other chemical systems leading to chemical oscillations. One of the most important models in the historical study
of dynamical systems is that of planetary motion and investigating the stability of planetary orbits. As is well known, these orbits
are periodic.

Limit cycles are isolated periodic solutions towards which neighboring states might tend when stable. A key example exhibiting
a limit cycle is given in the next example.

Example 7.7.1

Find the limit cycle in the system

’ 2 2
r=pr—y—z(x"+y
/ (2 2) (7.7.1)
Y =z+uy—y(a®+y°)
Solution

It is clear that the origin is a fixed point. The Jacobian matrix is given as

—1
Df<o,o>=(’1‘ ) )

The eigenvalues are found to be A = 1 + i. For 4 = 0 we have a center. For u < 0 we have a stable spiral and for x> 0 we have
an unstable spiral. However, this spiral does not wander off to infinity. We see in Figure 7.7.1 that the equilibrium point is a
spiral. However, in Figure 7.7.2 it is clear that the solution does not spiral out to infinity. It is bounded by a circle.
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Figure 7.7.1: Phase plane for System 7.7.2 with p = 0.4.

One can actually find the radius of this circle. This requires rewriting the system in polar form. Recall from Chapter 2 that we
can change derivatives of Cartesian coordinates to derivatives of polar coordinates by using the relations

rr’ =xx’ +yy

20 = xy’ —ya’

P oS NANANAN

\ NN _~ 7

-0.29

=049 NN NN N NN e F
N\

_0.6_ NN NN N =777
-0.6 -04 -02 0 02 04
X

Figure 7.7.2: Phase plane for system 7.7.2 with u = 0.4 showing that the inner spiral is bounded by a limit cycle.
Inserting the system 7.7.2 into these expressions, we have
= pr? —rt, 2 =2
This leads to the system

= ur—r3,

0 =1.

(7.7.2)
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Of course, for a circle the radius is constant, » = const. Therefore, in order to find the limit cycle, we need to look at
the equilibrium solutions of Equation 7.7.6. This amounts to finding the constant solutions of ur — 3 = 0. The equilibrium
solutions are r = 0, £,/ The limit cycle corresponds to the positive radius solution, r = /.

In Figures 7.7.1 — 7.7.2 we take p = 0.4. In this case we expect a circle with »r = v/0.4 ~ 0.63. From the 6 equation, we have
that 8’ > 0. This means that we follow the limit cycle in a counterclockwise direction as time increases.

Limit cycles are not always circles. In Figures 7.7.3 — 7.7.4 we show the behavior of the Rayleigh system 7.7.1 for c = 0.4 and ¢
= 2.0. In this case we see that solutions tend towards a noncircular limit cycle in a clockwise direction.

A slight change of the Rayleigh system leads to the van der Pol equation:
" +c(2®—1)a’ +2=0
(The van der Pol system). The limit cycle for ¢ = 2.0 is shown in Figure 7.7.5.

Can one determine ahead of time if a given nonlinear system will have a limit cycle? In order to answer this question, we will
introduce some definitions.

3 2 1 0 1 2 3

X

Figure 7.7.3: Phase plane for the Rayleigh system 7.7.1 with ¢ = 0.4.
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Figure 7.7.4: Phase plane for the van der Pol system 7.7.7 with ¢ = 2.0.
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Figure 7.7.5: Phase plane for the van der Pol system 7.7.7 with ¢ = 0.4.

Figure 7.7.6: A sketch depicting the idea of a trajectory, or orbit, passing through z.
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Figure 7.7.7: A sketch depicting an w limit set. Note that the orbits tend towards the set as ¢ increases.

mmEE NNy
P .'-.

Figure 7.7.8: A sketch depicting an a — limit set. Note that the orbits tend away from the set as ¢ increases.
We first describe different trajectories and families of trajectories. A flow on R? is a function ¢ that satisfies the following

1. ¢(x,t) is continuous in both arguments.
2. #(x,0) =xforall x € R2
3. ¢(¢ (thl)th) = ¢(X7t1 +t2)'

(Orbits and trajectories). The orbit, or trajectory, through x is defined as v = {¢(x,¢) | t € I}. In Figure 7.7.6 we demonstrate these
properties. For t = 0, ¢(x,0) = x. Increasing ¢, one follows the trajectory until one reaches the point ¢ (x, ¢;). Continuing ¢, further,
one is then at ¢ (¢ (x,t1) ,t2). By the third property, this is the same as going from x to ¢ (x, t; + t2) for t = t1 + t.

Having defined the orbits, we need to define the asymptotic behavior of the orbit for both positive and negative large times. We
define the positive semiorbit through x as v = {¢(x,t) | t > 0}. The negative semiorbit through x is defined as v~ = {¢(x,t) | ¢
< 0}. Thus, we have y=~y1 U~y~.

(Limit sets and limit points). The positive limit set, or w-limit set, of point x is defined as

At = {y| there exists a sequence of t, — co such that ¢ (x,t,) = y}
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The y’ s are referred to as w-limit points. This is shown in Figure 7.7.7.
Similarly, we define the negative limit set, or the alpha-limit set, of point x is defined as

A~ ={y | there exists a sequences of t, — —oo such that ¢ (x,¢,) = y}
and the corresponding y’ s are a-limit points. This is shown in Figure 7.7.8.

(Cycles and periodic orbits). There are several types of orbits that a system might possess. A cycle or periodic orbit is any closed
orbit which is not an equilibrium point. A periodic orbit is stable if for every neighborhood of the orbit such that all nearby orbits
stay inside the neighborhood. Otherwise, it is unstable. The orbit is asymptotically stable if all nearby orbits converge to the
periodic orbit.

A limit cycle is a cycle which is the a or w-limit set of some trajectory other than the limit cycle. A limit cycle I is stable if AT =T
for all x in some neighborhood of T. A limit cycle T is unstable if A~ =T for all x in some neighborhood of T. Finally, a limit cycle
is semistable if it is attracting on one side and repelling on the other side. In the previous examples, we saw limit cycles that were
stable. Figures 7.7.7 and 7.7.8depict stable and unstable limit cycles, respectively.

We now state a theorem which describes the type of orbits we might find in our system.

Theorem 7.7.1: Poincaré-Bendixon Theorem

Let ytbe contained in a bounded region in which there are finitely many critical points. Then ATis either

1. asingle critical point;
2. asingle closed orbit;
3. aset of critical points joined by heteroclinic orbits. [Compare Figures 7.7.9 and 7.7.10. ]

We are interested in determining when limit cycles may, or may not, exist. A consequence of the Poincaré-Bendixon Theorem is
given by the following corollary.

Corollary 7.7.1

Let D be a bounded closed set containing no critical points and suppose that v+ c D. Then there exists a limit cycle
contained in D.

More specific criteria allow us to determine if there is a limit cycle in a given region. These are given by Dulac’s Criteria and
Bendixon’s Criteria.

Figure 7.7.9: A heteroclinic orbit connecting two critical points.
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Figure 7.7.10: A homoclinic orbit returning to the point it left.

Theorem 7.7.2: Dulac’s Criteria

Consider the autonomous planar system

' = f(z,y), ¥ =gy

and a continuously differentiable function ) def
D contained in some open set. If

0 J
3 () + 5 (b0)

does not change sign in D, then there is at most one limit cycle contained entirely in D.

Theorem 7.7.3: Bendixon'’s Criteria

Consider the autonomous planar system
a’ = f(z,y), ¥ =g(z,y)
defined on a simply connected domain D such that
0 0
— — 0
5 (1) + 5 (b9) #
in D. Then, there are no limit cycles entirely in D.

Proof. available at the end of this section.

Example 7.7.2

Consider the earlier example in (7 - 48) with = 1.

’ 2 2
r=z—y—z(z°+y
( ) (7.7.3)
v =z+y—y(®+y’)
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We already know that a limit cycle exists at z2 + 3? = 1. A simple computation gives that
V-f=2—4z?— 4/
For an arbitrary annulus \(a
2—4b< V- -f<2—4a

Fora=3/4andb=5/4,-3 <V -f <—1.Thus, V - f < 0 in the annulus \(3 / 4

Example 7.7.3

Consider the system

Ty (7.7.4)

y = —ax — by + ca® + dy?.

Let ¥(z,y) = e 2%. Then,
—6 _8 2 2 —2dz
8x(¢y)+ By (¢ (—az — by + cx® + dy?)) = —be > #£0

We conclude by Bendixon'’s Criteria that there are no limit cycles for this system.

Answers

Theorem 7.7.3: Bendixon's Criteria

These are easily proved using Green’s Theorem in the Plane. (See your calculus text.) We prove Bendixon’s Criteria. Let f = (f, g). Assume that T is a closed orbit
lying in D. Let S be the interior of T'. Then

/S V - fdedy = fr (fdy — gdz)
T
= [ i gy (7:7.5)
T
~ [ tta-ana=o.

So, if V - f is not identically zero and does not change sign in S, then from the continuity of V - f in S we have that the right side above is either positive or negative.
Thus, we have a contradiction and there is no closed orbit lying in D.

This page titled 7.7: Limit Cycles is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman via
source content that was edited to the style and standards of the LibreTexts platform.
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L3
7.8: Nonautonomous Nonlinear Systems
IN THIS SECTION WE DISCUSS NONAUTONOMOUS SYSTEMS. Recall that an autonomous system is one in which there is no
explicit time dependence. A simple example is the forced nonlinear pendulum given by the nonhomogeneous equation
&+ w’sine = f(t)
We can set this up as a system of two first order equations:

T=1y

7.8.1
§=—w’sinz + f(t). ( )

This system is not in a form for which we could use the earlier methods. Namely, it is a nonautonomous system. However, we
introduce a new variable z(t) = ¢ and turn it into an autonomous system in one more dimension. The new system takes the form

T=y
§ = —wrsinz + f(2). (7.8.2)
z=1.

The system is now a three dimensional autonomous, possibly nonlinear, system and can be explored using methods from
Chapters 2 and 3.

A more interesting model is provided by the Duffing Equation. This equation, named after Georg Wilhelm Christian Caspar Duffing
(1861-1944), models hard spring and soft spring oscillations. It also models a periodically forced beam as shown in Figure 7.8.1
. It is of interest because it is a simple equation describes a periodically forced new visualization methods for nonautonomous
systems.

[ cos(wt + ¢)

Figure 7.8.1: One model of the Duffing equation describes a periodically forced beam which interacts with two magnets.
The most general form of Duffing’s equation is given by the damped, forced system
i+ ki + (Br® £ wiz) =T cos(wt + ¢).

This equation models hard spring, (8 > 0), and soft spring, (5 < 0), oscillations. However, we will use the simpler version of the
Duffing equation:

%+ ki + z° — z = T coswt.
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An equation of this form can be obtained by setting ¢ = 0 and rescaling z and ¢ in the original equation. We will explore
the behavior of the system as we vary the remaining parameters. In Figures 7.8.2 — 7.8.5 we show some typical solution plots
superimposed on the direction field.

(The undamped, unforced Duffing equation). We start with the undamped (k = 0) and unforced (I" = 0) Duffing equation,
i+ad—z=0
We can write this second order equation as the autonomous system
=y
S (7.8.3)
We see that there are three equilibrium points at (0,0) and (+1,0). In Figure 7.8.3 we plot several orbits for k = 0, and " = 0. We

see that the three equilibrium points consist of two centers and a saddle.

(The unforced Duffing equation). We now turn on the damping. The system becomes

T=y
7.8.4
y:—ky—l—z(l—a:Z). ( )

In Figures 7.8.3 and 7.8.4 we show what happens when k = 0.1. These plots are reminiscent of the plots for the nonlinear pendulum;
however, there are fewer equilibria. Note that the centers become stable spirals for £ > 0.

21 /7 rmee SV
177 7NN\

177 AL

117 \ VL
111 Vol

1 1/1 WA

111 Vb

I i

y 0111 L
R L

i 114 I

1AW 1
IR /]

A A )|

b A /1]

VAN 771

A AN 771
=290\ / /]
-2 -1 0 1 2

Figure 7.8.2: Phase plane for the undamped, unforced Duffing equation (k= 0,T = 0).
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Figure 7.8.3: Phase plane for the unforced Duffing equation with k= 0.1 and I = 0.
Next we turn on the forcing to obtain a damped, forced Duffing equation. The system is now nonautonomous.
The damped, forced Duffing equation.

L=y

7.8.5
yzx(l—x2)+f‘coswt. ( )

In Figure 7.8.5 we only show one orbit with k = 0.1,T' = 0.5, and w = 1.25. The solution intersects itself and look a bit messy. We
can imagine what we would get if we added any more orbits. For completeness, we show in Figure 7.8.6 an example with four
different orbits.

In cases for which one has periodic orbits such as the Duffing equation, Poincaré introduced the notion of surfaces of section.
One embeds the orbit in a higher dimensional space so that there are no self intersections, like we saw in Figures 7.8.5 and 7.8.6
. In Figure 7.8.8 we show an example where a simple orbit is shown as it periodically pierces a given surface.

In order to simplify the resulting pictures, one only plots the points at which the orbit pierces the surface as sketched in Figure
7.8.7. In practice, there is a natural frequency, such as w in the forced Duffing equation. Then, one plots points at times that are

. . 2 . . .
multiples of the period, T' = T on Figure 7.8.9 we show what the plot for one orbit would look like for the damped, unforced
w

Duffing equation.

@IOIC]E) 339 (7.8.3)



LibreTextS“'

2_
1_
y 0
N
_2-| T T T 1
-1 0 1 2
X

Figure 7.8.4: Display of two orbits for the unforced Duffing equation with £k = 0.1 and T = 0.

2_
1_
y o0
-11
_2_| T T T 1
-1 0 1 2
X

Figure 7.8.5: Phase plane for the Duffing equation with £ = 0.1,T" = 0.5, and w = 1.25. In this case we show only one orbit which was generated
from the initial condition (zp = 1.0, yo = 0.5).
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Figure 7.8.6: Phase plane for the Duffing equation with £ = 0.1,T" = 0.5, and w = 1.25. In this case four initial conditions were used to generate
four orbits.

The more interesting case, is when there is forcing and damping. In this case the surface of section plot is given in Figure 7.8.10
. While this is not as busy as the solution plot in Figure 7.8.5, it still provides some interesting behavior. What one finds is what
is called a strange attractor. Plotting many orbits, we find that after a long time, all of the orbits are attracted to a small region in
the plane, much like a stable node attracts nearby orbits. However, this set consists of more than one point. Also, the flow on the
attractor is chaotic in nature. Thus, points wander in an irregular way throughout the attractor. This is one of the interesting topics
in chaos theory and this whole theory of dynamical systems has only been touched in this text leaving the reader to wander of
into further depth into this fascinating field.

= RNy,
"
L]

l

Figure 7.8.7: As an orbit pierces the surface of section, one plots the point of intersection in that plane to produce the surface of section plot.
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Figure 7.8.8: Poincaré’s surface of section. One notes each time the orbit pierces the surface.

The surface of section plots at the end of the last section were obtained using code from S. Lynch’s book Dynamical Systems

with Applications Using Maple. For reference, the plots in Figures 7.8.2 and 7.8.3 were generated in Maple using the following
commands:

0.04 °

0.03

0.02

0.01 ° °

—0.01

—0.02

o

0.99 1 101 1.02  1.03

Figure 7.8.9: Poincaré’s surface of section plot for the damped, unforced Duffing equation.
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-1 05 0 0.5 1

Figure 7.8.10: Poincaré’s surface of section plot for the damped, forced Duffing equation. This leads to what is known as a strange attractor.

This page titled 7.8: Nonautonomous Nonlinear Systems is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated
by Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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7.9: The Period of the Nonlinear Pendulum

Recall that the period of the simple pendulum is given by

for

This was based upon the solving the linear pendulum Equation 7.5.2. This equation was derived assuming a small angle
approximation. How good is this approximation? What is meant by a small angle?

We recall that the Taylor series approximation of sin 6 about # =0 :

. 63 6°
sm0=9—§+ﬁ+...
One can obtain a bound on the error when truncating this series to one term after taking a numerical analysis course. But we can
just simply plot the relative error, which is defined as

ing—6
Relative Error = L‘

sin 6

A plot of the relative error is given in Figure 7.9.1. Thus for 6 ~ 0.4 radians (or (23°)) we have that the relative error is about 2.6%.

(Relative error in sin § approximation). We would like to do better than this. So, we now turn to the nonlinear pendulum equation
7.5.11in the simpler form

6+ w?sinf =0

4_

3 -
Relative Error (%) 5 ]

. ; T . r
-0.4 -0.2 0 0.2 0.4
Angle (Radians)
Figure 7.9.1: The relative error in percent when approximating sin 6 by 6.
(Solution of nonlinear pendulum equation). We next employ a technique that is useful for equations of the form
6+ F@6) =0

when it is easy to integrate the function F(6). Namely, we note that
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d

. o(t) . .
i [%0 + / F<¢>d¢] = 0+ F(6))0

For the nonlinear pendulum problem, we multiply Equation 7.9.4 by 6,
66 + w?sin 60 = 0
and note that the left side of this equation is a perfect derivative. Thus,

1.
% [592—w2 cosﬁ] =0

Therefore, the quantity in the brackets is a constant. So, we can write

5927w20030=c

Solving for 6, we obtain

o

/2 2
o (¢ + w?cosb)

This equation is a separable first order equation and we can rearrange and integrate the terms to find that

t:/dt:/—\/ﬁ

Of course, we need to be able to do the integral. When one finds a solution in this implicit form, one says that the problem has
been solved by quadratures. Namely, the solution is given in terms of some integral.

In fact, the above integral can be transformed into what is known as an elliptic integral of the first kind. We will rewrite this result
and then use it to obtain an approximation to the period of oscillation of the nonlinear pendulum, leading to corrections to the
linear result found earlier.

We will first rewrite the constant found in Equation 7.9.5. This requires a little physics. The swinging of a mass on a string,
assuming no energy loss at the pivot point, is a conservative process. Namely, the total mechanical energy is conserved. Thus, the
total of the kinetic and gravitational potential energies is a constant. The kinetic energy of the mass on the string is given as

1 1 .
T= §m112 = 5mL26‘2

The potential energy is the gravitational potential energy. If we set the potential energy to zero at the bottom of the swing, then
the potential energy is U = mgh, where h is the height that the mass is from the bottom of the swing. A little trigonometry gives
that h = L(1 — cos ). So,

U = mgL(1 — cosb)
(Total mechanical energy for the nonlinear pendulum). So, the total mechanical energy is

1 .
E= EmLQGQ + mgL(1 — cos )

We note that a little rearranging shows that we can relate this result to Equation Equation 7.9.5. Dividing by m and L? and using
the definition of w? = g/L, we have

E—u?

1. 1
592 —w?cosh = T

Therefore, we have determined the integration constant in terms of the total mechanical energy,

1

2
mL2E_w

c=
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We can use Equation 7.9.6 to get a value for the total energy. At the top of the swing the mass is not moving, if only for a moment.
Thus, the kinetic energy is zero and the total mechanical energy is pure potential energy. Letting 6, denote the angle at the
highest angular position, we have that

E = mgL (1 — cos 8y) = mL%*w? (1 — cos )

Therefore, we have found that

1.
502 —w?cosfh = —w?cos by

We can solve for § and integrate the differential equation to obtain

dé
t=[at— |
wy/2 (cos — cos b))

Using the half angle formula,
.9 0 1
sin o = 5(1 — cosb)

we can rewrite the argument in the radical as

5 0o ,20]
2

cosf —cosfy =2 {sin - —sin® —

Noting that a motion from 6 = 0 to 6 = 6, is a quarter of a cycle, we have that

2 /90 do
w / 0 0
0 sin? 70 — sin? 7

This result can now be transformed into an elliptic integral. ' We define

T=

and

Then, Equation 7.9.8 becomes

z

4 ! d
T_E/o VA—2) 1’227

- . 1 0 1 0 0 . . .
This is done by noting that dz = —-cos 5d9 = %(1 - lcQ,zZ)l/2 df and that sin® ?0 — sin? 5= k? (1 — 2?). The integral in this result

is called the complete elliptic integral of the first kind.

Elliptic integrals were first studied by Leonhard Euler and Giulio Carlo de’ Toschi di Fagnano (1682 — 1766), who studied the
lengths of curves such as the ellipse and the lemniscate,

(a:2 +y2)2 =% — 2

We note that the incomplete elliptic integral of the first kind is defined as
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dz

) do sin ¢
F(o,k) = _— =
(@:5) /o V1—k2sin’0 /o V(1 —22) (1 —k222)

(The complete and incomplete elliptic integrals of the first kind). Then, the complete elliptic integral of the first kind is given by
K(k) = F(g, k), or

/2 1
K(k) = / do _ / dz
0 1—k2sin%6 0 /(1 —22)(1—k222)
Therefore, the period of the nonlinear pendulum is given by
T= iK (sin @)
w 2

There are table of values for elliptic integrals. However, one can use a computer algebra system to compute values of such
integrals. We will look for small angle approximations.

For small angles (00 < %), we have that & is small. So, we can develop a series expansion for the period, T, for small k. This is
simply done by using the binomial expansion,

2,212 _ 1,545 3,94 6
(1—k*2%) —1+2kz +8kz + O ((k2)°)

Inserting this expansion into the integrand for the complete elliptic integral and integrating term by term, we find that

| L 1 9
T=2m|= |1+ —k>+ —k* ]
s 7 [ + 1 + 7 +

The first term of the expansion gives the well known period of the simple pendulum for small angles. The next terms in the
expression give further corrections to the linear result which are useful for larger amplitudes of oscillation. In Figure 7.9.2, we
show the relative errors incurred when keeping the k? (quadratic) and k* (quartic) terms as compared to the exact value of the
period.

Relative Error (%)

Angle (Radians)

Figure 7.9.2: The relative error in percent when approximating the exact period of a nonlinear pendulum with one (solid), two (dashed), or three
(dotted) terms in Equation 7.9.11.

This page titled 7.9: The Period of the Nonlinear Pendulum is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or
curated by Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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7.10: Exact Solutions Using Elliptic Functions

THE Solution IN EQUATION 7.9.9 OF THE NONLINEAR PENDULUM EQUATION led to the introduction of elliptic integrals. The
incomplete elliptic integral of the first kind is defined as

e _ e dz
k):/o \/1—k251n20_/0 VI—22) (1 k222

The complete integral of the first kind is given by K (k) = F (g, k), or

K(k) =

/ do _ /1 dz
0 4/1—k2sin%@ 0 /(1—22) (1 —k222)

Elliptic integrals of the second kind are defined as

¢ sing | /1 _ 1.242
E(¢, k) = / V1 — k2sin®0df = / VIZRE
0 0 V1—t2

\/ k2t2
E(k) = / V1 —k?sin? d6—/
0 V1I—¢2
Recall, a first integration of the nonlinear pendulum equation from Equation 7.9.6,

2
(d—9> —w?cosfh = —w?cos by

dt
Or
(ﬁ)2 = 2uw? {sin2 ﬁ — sin? @]
dt 2 2
Letting

0 0
kz=sin5 andk:sin%

the differential equation becomes
d
d—z = +0V1—22V/1— k222
-

Applying separation of variables, we find

dz

tw(t—tg) =

dz ? dz

_/0 \/1722\/1716222_ 0 V1—22V1— k222
= K(k)— F(sin™" (k™ 'sin0) , k)

The solution, 6(¢), is then found by solving for z and using kz = sin 3 to solve for 6. This requires that we know how to invert the
elliptic integral, F(z, k).

Elliptic functions result from the inversion of elliptic integrals. Consider
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¢ do
ing, k)= F(g.h) = | ——=
w(ein ) .8 /0 1 — k2sin?
sin ¢ dt
0 1—1) (1— k%)

Note: F(¢,0) = ¢ and F(¢,1) = In(sec ¢ + tan ¢). In these cases F is obviously monotone increasing and thus there must be an
inverse.

The inverse of Equation 7.10.1 is defined as ¢ = F~!(u, k) = am(u, k), where u = sin ¢. The function am(u, k) is called the Jacobi
amplitude function and % is the elliptic modulus. [In some references and software like MATLAB packages, m = k? is used as the
parameter.] Three of the Jacobi elliptic functions, shown in Figure 7.10.1, can be defined in terms of the amplitude function by

sn(u, k) = sinam(u, k) = sin ¢,

cn(u, k) = cosam(u, k) = cos ¢,
and the delta amplitude

(Jacobi elliptic functions).

dn(u, k) = /1 — k2sin? ¢.

They are related through the identities

en?(u, k) +sn’(u, k) =1

dn®(u, k) 4+ k*sn?(u, k) = 1

051

-1

0 1 2 3 4 5 6 7

Figure 7.10.1: Plots of the Jacobi elliptic functions sn(u, k), cn(u, k), and dn(u, k)
for m = k? = 0.5. Here K (k) = 1.8541

The elliptic functions can be extended to the complex plane. In this case the functions are doubly periodic. However, we will not
need to consider this in the current text.

Also, we see that these functions are periodic. The period is given in rent text. terms of the complete elliptic integral of the first
kind, K (k). Consider
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¢+2m
F($+2m, k) = ¥
0 1—k2sin’6

[ do ¢+2m 4o
_/0 V1— k?sin?6 +/¢ 1— k?sin0 (7.10.1)
27 do
0 1— k2sin6

= F(¢, k) + 4K (k)

:F(¢7k)+

Since F(¢ + 2w, k) = u + 4K, we have
sn(u + 4K) = sin(am(u + 4K)) = sin(am(u) + 27) = sinam(u) = snu
In general, we have
sn(u+ 2K, k) = —sn(u, k)
cn(u + 2K, k) = —cn(u, k)
dn(u + 2K, k) = dn(u, k)

The plots of sn(u), cn(u), and dn(u), are shown in Figures 7.10.2-7.10.4.

Figure 7.10.2: Plots of sn(u, k)
0,0.25,0.50,0.75, 1.00.
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cn(u)

m=0 m=0.25 m=0.5 m=0.75 m=1
15 1 1 1 1 1 1 1 1 1
-10 -8 6 4 2 0 2 4 6 8 10
u
Figure 7.10.3: Plots of cn(u, k) for m = 0,0.25,0.50,0.75, 1.00.
Namely,
cnu
sn(u+ K, k) = , sn(u+2K,k) = —snu,
dnu
snu
cn(u+ K, k) = —4/1—k>——, dn(u+2K,k) = —cnu,
dnu
L5 ] L] | L] L L] L] L] L]
I = \\ .
LY /; A N rd ‘.\
/ S
Z psh -
m=il m=0.25 m=il 5 m=(k 7§ m=]
5 | 1 1 1 1 1 1 1 1
I 5 A '] 2 i 2 & & & i

Figure 7.10.4: Plots of dn (u, k) for m = 0,0.25,0.50,0.75, 1.00

V1—k?

dnu

dn(u + K, k) = , dn(u+2K,k) = dnu.
Therefore, dn and cn have a period of 4K and dn has a period of 2K.

Special values found in Figure 7.10.1 are seen as

sn(K,k)=1
cen(K,k) =0

dn(K, k) =V1—k =¥
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where £’ is called the complementary modulus.

Important to this section are the derivatives of these elliptic functions,

isn(u, k) = cn(u, k) dn(u, k)

ou
7]
%cn(u, k) = —sn(u, k) dn(u, k)
idn(u k) = —k*sn(u, k) en(u, k)
ou ’ ’ ’

and the amplitude function
iam(u k) = dn(u, k)
6“ 9 - 9

Sometimes the Jacobi elliptic functions are displayed without reference to the elliptic modulus, such as sn(u) = sn(u, k). When k
is understood, we can do the same.

Example 7.10.1

Show that sn(u) satisfies the differential equation
y// 4 (1 + kZ) Y= 2k2y3
From the above derivatives, we have that
d? d
el - d
T sn(u) Tu (cn(u) dn(u)) (710.2)
= —sn(u) dn?(u) — k? sn(u) cn?(u)
Letting y(u) = sn(u) and using the identities 7.10.9 — 7.10.10, we have that
Y = *y(l o k2y2) o ka(l 7y2) _ (1 + k?) Y+ 2k2y3
This is the desired result.
Example 7.10.2
Show that 6(t) = 2sin~!(ksnt) is a solution of the equation § + sin § = 0.
Differentiating 4(t) = 2sin~!(ksnt), we have
d? d kentdnt
— (2sin"Y(ksnt)) = — | 2——
i (oo = 5 ()

d 7.10.3
= E(Qk cnt) ( )
= —2ksntdnt

However, we can evaluate sin 8 for a range of 6. Thus, we have
sin @ = sin (2sin~' (ksnt))
= 2sin (sin~!(ksnt)) cos (sin™ (ksnt)
( ) cos ) (7.10.4)
=2ksnt\/1— k2sn%t
=2ksntdnt
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| Comparing these results, we have shown that 6 +sind=0.

The solution to the last example can be used to obtain the exact solution to the nonlinear pendulum problem,  + w? sin 8 = 0, 0(0)
= 6, (0) = 0. The general solution is given by (t) = 2sin~! (ksn(wt + ¢)) where ¢ has to be determined from the initial conditions.

We note that

Evaluating at u = 0, we have sn’(K) = 0.

d K
Mzcn(u—i—K)dn(u—l—K)
du
:(_ 1_k25nu) 7'1_162
dn dnu
_ 1 k2 snu
( )dnzu

Therefore, if we pick ¢ = K, then é(O) = 0 and the solution is

Furthermore, the other initial value is found to be

0(t) = 2sin! (ksn(wt + K))

9(0) = 2sin ! (ksn K) = 2sin ' k

Thus, k£ = sin 70, as we had seen in the earlier derivation of the elliptic integral solution. The solution is given as

0(t) = 2sin™* (sin %sn(wt + K))

(7.10.5)

In Figures 7.10.5 — 7.10.6, we show comparisons of the exact solutions of the linear and nonlinear pendulum problems for L
= 1.0 m and initial angles 6y = 10° and 6, = 50°.

0.1F 1
0.05
0 L
-0.05 |
01t Nf)nlinear )
— — — Linear
0 2 4 8 10

Figure 7.10.5: Comparison of exact solutions of the linear and nonlinear pendulum problems for L = 1.0 m and 6, = 10°.
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0.6

Nonlinear
— — — Linear

-0.6

0 2 4 6 8 10

Figure 7.10.6: Comparison of the exact solutions of the linear and nonlinear pendulum problems for L = 1.0 m and 6, = 50°.

This page titled 7.10: Exact Solutions Using Elliptic Functions is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or
curated by Russell Herman via source content that was edited to the style and standards of the LibreTexts platform.
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7.11: Problems

1. Solve the general logistic problem,

using separation of variables.

2. Find the equilibrium solutions and determine their stability for the following systems. For each case draw representative
solutions and phase lines.
a.y =1y —6y—16
b. 3’ = cosy.
c.y =yly—2)(y+3).
dy =y (y+1)(y—4).

3. For y’ =y —4? find the general solution corresponding to y(0) = y,. Provide specific solutions for the following initial
conditions and sketch them: a. y(0) = 0.25, b. y(0) = 1.5, and c. y(0) = —0.5.

4. For each problem determine equilibrium points, bifurcation points and construct a bifurcation diagram. Discuss the different
behaviors in each system.
a.y =y—py’
b.y" =k —y)(n—2y)

’

cz' =p—2b

5. Consider the family of differential equations =’ = z® + 622 — pa.
a. Sketch a bifurcation diagram in the zu-plane for § = 0.
b. Sketch a bifurcation diagram in the zu-plane for § > 0.

Hint: Pick a few values of § and p in order to get a feel for how this system behaves.

6. System 7.52 can be solved exactly. Integrate the r-equation using separation of variables. For initial conditions a) r(0)
=0.25,0(0) = 0, and b) r(0) = 1.5,60(0) = 0, and p = 1.0, find and plot the solutions in the zy-plane showing the approach to a
limit cycle.

7. Consider the system

’

T = y+x[,u—x2

—
Yy =z+yp—2’—y’]
Rewrite this system in polar form. Look at the behavior of the r equation and construct a bifurcation diagram in ur space. What

might this diagram look like in the three dimensional uzy space? (Think about the symmetry in this problem.) This leads to what
is called a Hopf bifurcation.

8. Find the fixed points of the following systems. Linearize the system about each fixed point and determine the nature and
stability in the neighborhood of each fixed point, when possible. Verify your findings by plotting phase portraits using a

computer.
z' = x(100 — z — 2y)
a.
y = y(150 — z — 6y)
' =z+a
b. , 5
Yy =y+y
' =z—az®+ay
C.

y =2y —zy— 6y’
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9.

' = —2zy,
y =—x+y+ay—y’

Plot phase portraits for the Lienard system

for a small and a not so small value of u. Describe what happens as one varies p.

10.

1.

Consider the period of a nonlinear pendulum. Let the length be L = 1.0 m and g = 9.8 m/s?. Sketch T vs the initial angle 6,
and compare the linear and nonlinear values for the period. For what angles can you use the linear approximation confidently?
Another population model is one in which species compete for resources, such as a limited food supply. Such a model is
given by

&’ = az — bx? — cay,

y =dy—ey’ — foy.

In this case, assume that all constants are positive.

12.

13.
14.

15.

Describe the effects/purpose of each terms.

Find the fixed points of the model.

Linearize the system about each fixed point and determine the stability.

From the above, describe the types of solution behavior you might expect, in terms of the model.

HPOWON

Consider a model of a food chain of three species. Assume that each population on its own can be modeled by logistic
growth. Let the species be labeled by z(t),y(t), and z(¢). Assume that population z is at the bottom of the chain. That
population will be depleted by population y. Population y is sustained by z’ s, but eaten by 2’ s. A simple, but scaled, model
for this system can be given by the system

' =z(1—2x)—2y
v =y(l—y) +ay—yz
2/ =2(1—2) +yz.

Find the equilibrium points of the system.

Find the Jacobian matrix for the system and evaluate it at the equilibrium points.

Find the eigenvalues and eigenvectors.

Describe the solution behavior near each equilibrium point.

Which of these equilibria are important in the study of the pop- ulation model and describe the interactions of the
species in the neighborhood of these point(s).

® Q00O

Derive the first integral of the Lotka-Volterra system, alny + dlnz — cx — by = C.

Show that the system 2’ =z —y — 2,9/ = x +y — 3%, has a unique limit cycle by picking an appropriate (z,y) in Dulac’s
Criteria.

The Lorenz model is a simple model for atmospheric convection developed by Edward Lorenz in 1963. The system is given
by the three equations

\[
L —oly—a)
% —2(p—2)—y (7.11.1)
% =zxy— Bz

\label{ \]

a. Find the equilibrium points of the system.
b. Find the Jacobian matrix for the system and evaluate it at the equilibrium points.
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c. Determine any bifurcation points and describe what happens near the bifurcation point(s). Consider o = 10, 8 = 8/3,

and vary p.

d. This system is know to exhibit chaotic behavior. Lorenz found a so-called strange attractor for parameter values o
= 10,8 =8/3, and p = 28. Using a computer, locate this strange attractor.

16. The Michaelis-Menten kinetics reaction is given by

ks
E+Sk}aE57»E+P
°2

The resulting system of equations for the chemical concentrations is

%%ﬂ::—kﬂEHS}+kﬂEs
LB kalE10S) + (ks + o) (B8] (7.11.2)
7.11.2
ﬂ%ﬂ:kdmwywm+knmﬂ
d[P]

In chemical kinetics one seeks to determine the rate of product formation (v = d[P]/dt = k3[ES]). Assuming that [ES] is a
constant, find v as a function of [S] and the total enzyme concentration [Er] = [E] + [ES]. As a nonlinear dynamical system, what

are the equilibrium points?

17. In Equation (6.58) we saw a linear version of an epidemic model. The commonly used nonlinear SIR model is given by

ds

= _ _BSJI

dt ps

dr

R 7.11.3
p BSI —~ ( )
dR

kY

a

where S is the number of susceptible individuals, I is the number of infected individuals, and R are the number who have
been removed from the the other groups, either by recovering or dying.

1. Let N =S5+ 1 + R be the total population. Prove that N = constant. Thus, one need only solve the first two equations

and find R = N — S — I afterwards.

2. Find and classify the equilibria. Describe the equilibria in terms of the population behavior.
3. Let 8=0.05 and v = 0.2. Assume that in a population of 100 there is one infected person. Numerically solve the system
of equations for S(¢) and I(t) and describe the solution being careful to determine the units of population and the

constants.

4. How does this affect any equilibrium solutions?
5. Again, let 3=0.05and v = 0.2. Let . = 0.1 For a population of 180 with one infected person numerically solve the system
of equations for S(¢) and I(t) and describe the solution being careful to determine the units of population and the

constants.

18. An undamped, unforced Duffing equation, & + w?z + ex3 =0, can be solved exactly in terms of elliptic functions. Using
the results of Exercise 7.10.1, determine the solution of this equation and determine if there are any restrictions on the

parameters.

19. Determine the circumference of an ellipse in terms of an elliptic integral.
20. Evaluate the following in terms of elliptic integrals and compute the values to four decimal places.

a. [ -
1— —sin?6

/2 do

b. [ -
].— ZSiH20
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dx
C. f02
9—22)(4—22)
r2  dO
d. .
fo v cos 0
e foo dxr
SRV
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8: APPENDIX CALCULUS REVIEW

"Ordinary language is totally unsuited for expressing what physics really asserts, since the words of everyday life are not
sufficiently abstract. Only mathematics and mathematical logic can say as little as the physicist means to say." Bertrand Russell
(1872 — 1970)

BEFORE YOU BEGIN OUR STUDY OF DIFFERENTIAL EQUATIONS perhaps you should review some things from calculus. You
definitely need to know something before taking this class. It is assumed that you have taken Calculus and are comfortable with
differentiation and integration. Of course, you are not expected to know every detail from these courses. However, there are some
topics and methods that will come up and it would be useful to have a handy reference to what it is you should know.

Most importantly, you should still have your calculus text to which you can refer throughout the course. Looking back on that
old material, you will find that it appears easier than when you first encountered the material. That is the nature of learning
mathematics and other subjects. Your understanding is continually evolving as you explore topics more in depth. It does not
always sink in the first time you see it. In this chapter we will give a quick review of these topics. We will also mention a few new
methods that might be interesting.

8.1: Introduction

8.2: Trigonometric Functions

8.3: Hyperbolic Functions

8.4: Derivatives

8.5: Integrals

8.6: Geometric Series

8.7: Power Series

8.8: The Binomial Expansion

8.9: Problems

This page titled 8: Appendix Calculus Review is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.
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8.1: Introduction

THERE ARE TWO MAIN TOPICS IN CALCULUS: derivatives and integrals. You learned that derivatives are useful in providing
rates of change in either time or space. Integrals provide areas under curves, but also are useful in providing other types of sums
over continuous bodies, such as lengths, areas, volumes, moments of inertia, or flux integrals. In physics, one can look at graphs
of position versus time and the slope (derivative) of such a function gives the velocity. (See Figure 8.1.1.) By plotting velocity
versus time you can either look at the derivative to obtain acceleration, or you could look at the area under the curve and get the

displacement:
t
xz/ vdt
to

This is shown in Figure 8.1.2.

h 4

Figure 8.1.1: Plot of position vs time.

v(t)a

o

Figure 8.1.2: Plot of velocity vs time.

Logarithmic properties.
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Of course, you need to know how to differentiate and integrate given functions. Even before getting into differentiation and
integration, you need to have a bag of functions useful in physics. Common functions are the polynomial and rational functions.
You should be fairly familiar with these. Polynomial functions take the general form

f(@) = apz" 4+ ap 12" + -+ a1z +ag

where a,, # 0. This is the form of a polynomial of degree n. Rational functions, f(z) = ﬂ, consist of ratios of polynomials. Their

h(z)

graphs can exhibit vertical and horizontal asymptotes.

Next are the exponential and logarithmic functions. The most common are the natural exponential and the natural logarithm. The
natural exponential is given by f(z) = e*, where e ~ 2.718281828 .... The natural logarithm is the inverse to the exponential, denoted
by Inz. (One needs to be careful, because some mathematics and physics books use log to mean natural exponential, whereas
many of us were first trained to "use this notation to mean the common logarithm, which is the 'log base 10 '. Here we will use
In z for the natural logarithm.)

(Exponential Properties). The properties of the exponential function follow from the basic properties for exponents. Namely, we
have:

=1
e 4= eia
eaeb — ea+b
(611)17 s

The relation between the natural logarithm and natural exponential is given by
y=e" <z =1Iny
(Logarithmic Properties). Some common logarithmic properties are

In1=0
In—=—1Ina
a
In(ab) =lna+1Inb
ln% =Ina—Inb
1
lng =—Inb

We will see applications of these relations as we progress through the course.

This page titled 8.1: Introduction is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman via
source content that was edited to the style and standards of the LibreTexts platform.
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8.2: Trigonometric Functions

Another set of useful functions are the trigonometric functions. These functions have probably plagued you since high school.
They have their origins as far back as the building of the pyramids. Typical applications in your introductory math classes probably
have included finding the heights of trees, flag poles, or buildings. It was recognized a long time ago that similar right triangles
have fixed ratios of any pair of sides of the two similar triangles. These ratios only change when the non-right angles change.

Thus, the ratio of two sides of a right triangle only depends upon the angle. Since there are six possible ratios (think about it!),
then there are six possible functions. These are designated as sine, cosine, tangent and their reciprocals (cosecant, secant and
cotangent). In your introductory physics class, you really only needed the first three. You also learned that they are represented as
the ratios of the opposite to hypotenuse, adjacent to hypotenuse, etc. Hopefully, you have this down by now.

You should also know the exact values of these basic trigonometric functions for the special angles 6§ = 0, % , %' and their

D |y

™
) 3 b
corresponding angles in the second, third and fourth quadrants. This becomes internalized after much use, but we provide these

values in Table 8.2.1 just in case you need a reminder.

Table 8.2.1: Table of Trigonometric Values

[/} cos 6 sin 6 tan 6

O 1 O (0]

= V3 d V3

° El : 5
r 1 V3 V3

3 2 2

al V2 V2 1

& 2 2

g 0 1 undefined

The problems students often have using trigonometric functions in later courses stem from using, or recalling, identities. We will
have many an occasion to do so in this class as well. What is an identity? It is a relation that holds true all of the time. For
example, the most common identity for trigonometric functions is the Pythagorean identity

sin? 6+ cos?0 =1
This holds true for every angle 8! An even simpler identity is

sin 0

tanf =

cos 6

Other simple identities can be derived from the Pythagorean identity. Dividing the identity by cos? 6, or sin? 6, yields
tan?0 + 1 = sec? 0
1+ cot? 8 = csc? 6

Several other useful identities stem from the use of the sine and cosine of the sum and difference of two angles. Namely, we have
that

sin(A + B) = sin A cos B + sin Bcos A
cos(A + B) = cos A cos B F sin Asin B

Note that the upper (lower) signs are taken together.
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Example 8.2.1

™
Evaluate sin —.
Sin 12

Solution

. . (7r 7T)
sin — =sin | — — —
12

.om ™ L.om T
= sin —cos — — sin —cos —

3 4 4 3
_V3Vv2 V21
22 22
251

(Double angle formulae). The double angle formulae are found by setting A = B:
sin(2A4) = 2sin A cos B
cos(2A) = cos> A —sin® A
Using Equation 8.2.1, we can rewrite Equation 8.2.9 as
cos(24) = 2cos’ A —1
=1-2sin’A4

(Half angle formulae). These, in turn, lead to the half angle formulae. Solving for cos? A and sin® 4, we find that

sin? A — 1—cos24
2

1 24

cos2 A = _"C%

Example 8.2.2

™
Evaluate —.
COS 12

Solution

angle identity. In this example, we have

00521—1(1+c0s£)
12 2 6

o9
1
:Z(2+\/§)

12
difference identity for cosines, then we would obtain
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In the last example, we used the sum/difference identities to evaluate a similar expression. We could have also used a half
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So, cos T 5\/2 + /3. This is not the simplest form and is called a nested radical. In fact, if we proceeded using the
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So, how does one show that these answers are the same?
It is useful at times to know when one can reduce square roots of such radicals, called denesting. More generally, one seeks

. . - - b
to write y/a + b,/q = c + d./q. Following the procedure in this example, one has d = % and
C

1
02:5(ai a2—qb2).

As long as a? — qb? is a perfect square, there is a chance to reduce the expression to a simpler form.

Let’s focus on the factor v/ 2 + /3. We seek to write this in the form ¢ + dv/3. Equating the two expressions and squaring, we
have

24+ V3 = (c+dV3)? (8.23)
=c?+3d? + 2¢dV/3
In order to solve for c and d, it would seem natural to equate the
coefficients of v/3 and the remaining terms. We obtain a system of two nonlinear algebraic equations,
c+3d°=2
2cd =1

Solving the second equation for d = 1/2¢, and substituting the result into the first equation, we find result into the first
equation, we find

4¢* — 82 +3=0

This fourth order equation has four solutions,
and

Thus,

.1 (ﬁ N ﬁﬁ) (8.2.4)
and

] (@ N %ﬁ) (8.2.5)
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Of the four solutions, two are negative and we know the value of the cosine for this angle has to be positive. The remaining
two solutions are actually equal! A quick computation will verify this:

V6 V3v2

ﬁ(3+x/§)= o (3+V3)
— §(3\/§+ 3) (8.2.6)
=?(x/§+1)

We could have bypassed this situation be requiring that the solutions for b and ¢ were not simply proportional to v/3 like they
are in the second case.

Product Identities

Finally, another useful set of identities are the product identities. For example, if we add the identities for sin(A4 + B) and sin(A
— B), the second terms cancel and we have

sin(A + B) + sin(A — B) = 2sin Acos B
Thus, we have that
1
sin Acos B = E(Sin(A + B) + sin(A — B))
Similarly, we have
1
cos Acos B = E(COS(A + B) + cos(A — B))
and
. . 1
sin Asin B = E(COS(A — B) — cos(A + B))

(Know the above boxed identities!) These boxed equations are the most common trigonometric identities. They appear often and
should just roll off of your tongue.

We will also need to understand the behaviors of trigonometric functions. In particular, we know that the sine and cosine functions
are periodic. They are not the only periodic functions, as we shall see. [Just visualize the teeth on a carpenter’s saw.] However,
they are the most common periodic functions.

A periodic function f(z) satisfies the relation
flz+p)=f(z), forallzx

for some constant p. If p is the smallest such number, then p is called the period. Both the sine and cosine functions have period
2m. This means that the graph repeats its form every 2z units. Similarly, sin bz and cos bz have the common period p = Tﬂ We will
make use of this fact in later chapters.

In Feynman'’s Surely You're Joking Mr. Feynman!, Richard Feynman (1918-1988) talks about his invention of his own notation for
both trigonometric and inverse trigonometric functions as the standard notation did not make sense to him.

Related to these are the inverse trigonometric functions. For example, f(z) =sin"'z, or f(z) = arcsinz. Inverse functions give
back angles, so you should think

f=sin'z < z=sind
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X
V1 — x2
T
Figure 8.2.1: 0 =sin 'z = tanf = ——
V1-—z?
Also, you should recall that y = sin~! = arcsin z is only a function if —% <z< g Similar relations exist for y = cos™! 2 = arccos =

and tan~! z = arctan z.

Once you think about these functions as providing angles, then you can make sense out of more complicated looking expressions,
like tan (sin~! z). Such expressions often pop up in evaluations of integrals. We can untangle this in order to produce a simpler
form by referring to expression Equation 8.2.24. § = sin~! z is simple an angle whose sine is . Knowing the sine is the opposite
side of a right triangle divided by its hypotenuse, then one just draws a triangle in this proportion as shown in Figure 8.2.1. Namely,
the side opposite the angle has length = and the hypotenuse has length 1. Using the Pythagorean Theorem, the missing side
(adjacent to the angle) is simply v 1 — z2. Having obtained the lengths for all three sides, we can now produce the tangent of the
angle as

X

V1— 2

tan (sinf1 ac) =

This page titled 8.2: Trigonometric Functions is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.
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8.3: Hyperbolic Functions

So, are there any other functions that are useful in physics? Actually, there are many more. However, you have probably not see
many of them to date. We will see by the end of the semester that there are many important functions that arise as solutions
of some fairly generic, but important, physics problems. In your calculus classes you have also seen that some relations are
represented in parametric form. However, there is at least one other set of elementary functions, which you should already know
about. These are the hyperbolic functions. Such functions are useful in representing hanging cables, unbounded orbits, and
special traveling waves called solitons. They also play a role in special and general relativity.

Solitons are special solutions to some generic nonlinear wave equations. They typically experience elastic collisions and play
special roles in a variety of fields in physics, such as hydrodynamics and optics. A simple soliton solution is of the form

u(z,t) = 2’ sech®n (z— 47]2t)

(Hyperbolic functions). We recall a few definitions and identities of hyperbolic functions: the hyperbolic sine and hyperbolic cosine
(shown in Figure 8.3.1):

sinhx = 7
coshz = e e
2
cosh x

Figure 8.3.1: Plots of cosh z and sinh z. Note that sinh 0 = 0,cosh 0 = 1, and cosh z > 1.

Hyperbolic functions are related to the trigonometric functions. We can see this from the relations

1 —i6
. e’ —e
sinf = :
21
el 4 o—i0
cos) = ———
2

Letting # = iz we have sin iz = isinh z and cosiz = cosh z.

There are four other hyperbolic functions. These are defined in terms of the above functions similar to the relations between the
trigonometric functions. Namely, just as all of the trigonometric functions can be built from the sine and the cosine, the hyperbolic
functions can be defined in terms of the hyperbolic sine and hyperbolic cosine. We have
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sinh x et —e™”

tanhz = =
coshz et 4 e @
1 2
sechx = =
coshz et +e®
1 2
cschor = — =
sinh z et —e 7
ef+e "
cothz = = +

tanh z et —e 7

There are also a whole set of identities, similar to those for the trigonometric functions. For example, the Pythagorean identity for
trigonometric functions, sin? § + cos? 6 = 1, is replaced by the identity

cosh?z —sinh?z =1

This is easily shown by simply using the definitions of these functions. This identity is also useful for providing a parametric set
of equations describing hyperbolae. Letting z = acosht and y = bsinh ¢, one has

2 2
%—%:costh—Sinthzl

(Hyperbolic identities). A list of commonly needed hyperbolic function identities are given by the following:
cosh?z — sinh?z = 1,
tanh? 2 + sech?z = 1,
cosh(A + B) = cosh A cosh B + sinh Asinh B,
sinh(A 4+ B) = sinh A cosh B + sinh Bcosh A,
cosh 2z = cosh® z + sinh? z,

sinh 2z = 2sinh? cosh z,

cosh? z = =(1 + cosh 2z),

sinh?z = = (cosh 2z — 1)

o= N

Note the similarity with the trigonometric identities. Other identities can be derived from these.

There also exist inverse hyperbolic functions and these can be written in terms of logarithms. As with the inverse trigonometric
functions, we begin with the definition

y=sinh 'z <« 1z =sinhy.
The aim is to write y in terms of z without using the inverse function. First, we note that
m:%(ey—efy).
Next we solve for e¥. This is done by noting that e ¥ = é and rewriting the previous equation as
0=(e)?—2ze! — 1
This equation is in quadratic form which we can solve using the quadratic formula as
e!=z+V1+ 22

(There is only one root as we expect the exponential to be positive.)
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The final step is to solve for g,
y:ln(x—i— 1+m2)

. . . . 1.1
The inverse hyperbolic functions care given by sinh ' z = In (x +vV1+ x2), cosh™'z =1In (m + Va2 — 1), tanh 'z = §In 1 + x‘
— T

This page titled 8.3: Hyperbolic Functions is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
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8.4: Derivatives

Now that we know some elementary functions, we seek their derivatives. We will not spend time exploring the appropriate limits
in any rigorous way. We are only interested in the results. We provide these in Table 8.4.1. We expect that you know the meaning
of the derivative and all of the usual rules, such as the product and quotient rules.

Also, you should be familiar with the Chain Rule. Recall that this rule tells us that if we have a composition of functions, such as
the elementary functions above, then we can compute the derivative of the composite function. Namely, if A(z) = f(g(x)), then

_ Y
-4

T B9 _ f(gla))e'(2)

o) 4T

Table 8.4.1: Table of Common Derivatives ( a is a constant).

Function Derivative

a ]
T nz" !
ell.’L' ae(lfl}
Inax l
T
sin ax a cos ar
cos ax —asinax
tanax asec® az
cscazr —a cscaz cot ax
sec ar asecaxtanax
cotax —acsc? ax
sinh ax acoshax
cosh ax asinh ax
tanh azx asech? az
cschazr —a csch az coth ax
sechazx —asech azx tanh ax
coth ax —acsch? az

Example 8.4.1

Differentiate H(z) = 5 cos (7 tanh 2x2).
Solution

This is a composition of three functions, H(z) = f(g(h(z))), where f(z) = 5cosz,g(z) = wtanhz, and h(z) = 222 Then the
derivative becomes

H'(z) = 5 (—sin (7 tanh 2z%)) % ((wtanh2z?))

= —bmsin (7 tanh 29:2) sech? 2z2% (23:2) (8.4.1)

= —207x sin (7r tanh 2w2) sech? 2z
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8.5: Integrals

Integration is typically a bit harder. Imagine being given the last result in Equation 8.4.2 and having to figure out what was
differentiated in order to get the given function. As you may recall from the Fundamental Theorem of Calculus, the integral is the
inverse operation to differentiation:

af .

It is not always easy to evaluate a given integral. In fact some integrals are not even doable! However, you learned in calculus
that there are some methods that could yield an answer. While you might be happier using a computer algebra system, such as
Maple or WolframAlpha.com, or a fancy calculator, you should know a few basic integrals and know how to use tables for some of
the more complicated ones. In fact, it can be exhilarating when you can do a given integral without reference to a computer or
a Table of Integrals. However, you should be prepared to do some integrals using what you have been taught in calculus. We will
review a few of these methods and some of the standard integrals in this section.

First of all, there are some integrals you are expected to know without doing any work. These integrals appear often and are just
an application of the Fundamental Theorem of Calculus to the previous Table 8.4.1. The basic integrals that students should know
off the top of their heads are given in Table 8.5.1.

These are not the only integrals you should be able to do. We can expand the list by recalling a few of the techniques that
you learned in calculus, the Method of Substitution, Integration by Parts, integration using partial fraction decomposition, and
trigonometric integrals, and trigonometric substitution. There are also a few other techniques that you had not seen before. We
will look at several examples.

Example 8.5.1

Evaluate [ S~

z2+1
Solution

When confronted with an integral, you should first ask if a simple substitution would reduce the integral to one you know how
to do.

The ugly part of this integral is the 22 4 1 under the square root. So, we let v = 22 + 1.

Noting that when u = f(z), we have du = f’(x)dz. For our example, du = 2zdzx.

. . . . 1 .
Looking at the integral, part of the integrand can be written as zdz = 5udu. Then, the integral becomes

/ T gp- 9w
vz 41 2 Vu

The substitution has converted our integral into an integral over u. Also, this integral is doable! It is one of the integrals we
should know. Namely, we can write it as

1 d_“:l/ufl/zdu
2) Vu 2

This is now easily finished after integrating and using the substitution variable to give

T 1 ul/?
————dzr=———+C=vVz2+1+C.

/\/a:2+1 2 1
2
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Note that we have added the required integration constant and that the derivative of the result easily gives the original
integrand (after employing the Chain Rule).

Often we are faced with definite integrals, in which we integrate between two limits. There are several ways to use these limits.
However, students often forget that a change of variables generally means that the limits have to change.

Table 8.5.1: Table of Common Integrals.

Function Indefinite Integral

a axr
" pan
n+1
e’ leax
a
l Inzx
x
sin ax ——cosazr
a
cos az lsin o
a
2 1
sec”azx —tanazx
a
; 1
sinh az < eodnam
a
cosh azx lsinh az
a
2 1
sech” ax —tanh ax
a
sec T In|secz + tan z|
1 1
—_— —1 b
a+bx b n(a +b2)
1 tan-1 x
- “tan~! =
a? + z? a
; sin~! z
va? — 2 a
1 T
_ —sec ' —
V2 — a? a a
1 coshflﬁzln‘\/:vz—a2+m|
V2 — a2 a
Example 8.5.2
x
Evaluate [} ———du.
O VzT+1
Solution
This is the last example but with integration limits added. We proceed as before. We let v = z? + 1. As z goes from o to 2,u
takes values from i to 5. So, this substitution gives
2 5
T 1 du 5
——dr = — — =Vu|, = v5—1
/0 Vr2+1 2J1 Vu |1
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When you becomes proficient at integration, you can bypass some of these steps. In the next example we try to demonstrate
the thought process involved in using substitution without explicitly using the substitution variable.

Example 8.5.3
x

Evaluate [ ————d.

V9 + 4z2

Solution

As with the previous example, one sees that the derivative of 9 + 422 is proportional to z, which is in the numerator of the
integrand. Thus a substitution would give an integrand of the form 42, So, we expect the answer to be proportional to Vu
= V9 + 4x2. The starting point is therefore,

———dr = AV 9 + 4z2
/ V9 + 4z2

where A is a constant to be determined.

We can determine A through differentiation since the derivative of the answer should be the integrand. Thus,

1

1
L 49+ 42%)2 = A(9+427) 75(
1
2

dx

—_

) (8.5.1)

—4acA(9+4a: )7

Comparing this result with the integrand, we see that the integrand is obtained when A = T Therefore,

1
2
/ o 4x2 4 —V9+4x
We now complete the integral,
1
5—3
/ V9 + 4:52 [ I= 2

The function gd(z =2tan"le® — % is called the Gudermannian and connects trigonometric and hyperbolic

=Jo

osh
functions. This funct1on was named after Christoph Gudermann (1798-1852), but introduced by Johann Heinrich Lambert (
1728 — 1777 ), who was one of the first to introduce hyperbolic functions.

Example 8.5.4

d.
Evaluate [ Cosfl .
T

Solution

This integral can be performed by first using the definition of cosh z followed by a simple substitution.

/ dx / 2
= dx
coshz et +e*
2 xr
e
e 41

(8.5.2)

Now, we let u = e¢* and du = e*dx. Then,
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/ dz _/ 2 .
coshz ~ ) 1+ w2

=2tan tu+C (8.5.3)

=2tan"'e® + C

Integration by Parts

When the Method of Substitution fails, there are other methods you can try. One of the most used is the Method of Integration by
Parts. Recall the Integration by Parts Formula:

Integration by Parts Formula

/udvzuv—/vdu

The idea behind Integrating by Parts is that you are given the integral on the left and you can relate it to an integral on the right.
Hopefully, the new integral is one you can do, or at least it is an easier integral than the one you are trying to evaluate.

However, you are not usually given the functions « and v. You have to determine them. The integral form that you really have is a
function of another variable, say z. Another form of the Integration by Parts Formula can be written as

/ (@) (@)dz = f(z)g(z) — / o(e) ' (2)de

Note: Often in physics one needs to move a derivative between functions inside an integrand. The key - use integration by parts
to move the derivative from one function to the other under an integral.

This form is a bit more complicated in appearance, though it is clearer than the v — v form as to what is happening. The

derivative has been moved from one function to the other. Recall that this formula was derived by integrating the product rule for
differentiation. These two formulae can be related by using the differential relations

u=f(z) — du=f'(z)dz

v=g(z) — dv=g(z)dz (8.5.4)

This also gives a method for applying the Integration by Parts Formula.

Example 8.5.5

Consider the integral [ z sin 2zdz.
Solution

We choose u = z and dv = sin 2zdz. This gives the correct left side of the Integration by Parts Formula. We next determine v
and du :

du = d—udx:d:r
T

d
. 1
v:/dv:/31n2xd:v:—§c052w

We note that one usually does not need the integration constant. Inserting these expressions into the Integration by Parts
Formula, we have

1 1
/msinQacdac = —533 cos 2x + 7 /cos 2xdx
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We see that the new integral is easier to do than the original integral. Had we picked u = sin 2z and dv = zdz, then the formula
still works, but the resulting integral is not easier.

For completeness, we finish the integration. The result is
. 1 1.
T sin 2zdx = —El’ cos 2z + Zsm 2z + C.

As always, you can check your answer by differentiating the result, a step students often forget to do. Namely,

d

1 1. 1 . 1
T (—EI cos 2z + Zsta: + C') = —5cos 2z + zsin2z + 1(2 cos 2x)

(8.5.5)

= rsin2z.

So, we do get back the integrand in the original integral.

(Integration by Parts for Definite Integrals). We can also perform integration by parts on definite integrals. The general formula is
written as

b b
/ f(@)g @)z = f(z)g(x)]’ — / o(a) ' (z)de

Example 8.5.6

Consider the integral

us
/ z2 cos zdz
0

This will require two integrations by parts. First, we let « = z? and dv = cos z. Then,
du =2xdx. v=sinzx

Inserting into the Integration by Parts Formula, we have

™ ™
. ™ .
/ z% cos xdx = x2s1nx‘0—2/ T sinzdx
0 0

s
= 72/ x sin xdx
0

We note that the resulting integral is easier that the given integral, but we still cannot do the integral off the top of our head
(unless we look at Example 3! ). So, we need to integrate by parts again. (Note: In your calculus class you may recall that there
is a tabular method for carrying out multiple applications of the formula. We will show this method in the next example.)

(8.5.6)

We apply integration by parts by letting U = z and dV = sin zdz. This gives dU = dz and V = — cos z. Therefore, we have

™ ™
/ rsinzdr = —mcosm|g+/ cos zdx
0 0

ot singl? (8.5.7)
=T

The final result is

™
/ z?cosxdr = —2x
0

There are other ways to compute integrals of this type. First of all, there is the Tabular Method to perform integration by parts. A
second method is to use differentiation of parameters under the integral. We will demonstrate this using examples.
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Example 8.5.7

Compute the integral [ 2 cos zdz using the Tabular Method.

(Using the Tabular Method). First we identify the two functions under the integral, 22 and cos z. We then write the two functions
and list the derivatives and integrals of each, respectively. This is shown in Table A.4. Note that we stopped

First when we reached zero in the left column.

Next, one draws diagonal arrows, as indicated, with alternating signs attached, starting with +. The indefinite integral is then
obtained by summing the products of the functions at the ends of the arrows along with the signs on each arrow:

/ac2 coszdr = z’sinz + 2z cosz — 2sinz + C

To find the definite integral, one evaluates the antiderivative at the given limits.

™

™
/ z? cos zdx = [:vzsinm+2mcosx—2sinm]0
0

= (7T2 Sin7r+27rcos7r725in7r) -0 (8.5.8)

= —27.

Actually, the Tabular Method works even if a zero does not appear in the left column. One can go as far as possible, and if a zero
does not appear, then one needs only integrate, if possible, the product of the functions in the last row, adding the next sign in
the alternating sign progression. The next example shows how this works.

D I

X X COS X
2x \ sin x
2 + — COS X
0 —sinx

Figure 8.5.1: Tabular Method
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D I

sin 3x e2x
+
3 cos3x %ezx
—9sin3x je%

Figure 8.5.2: Tabular Method, showing a nonterminating example.

Example 8.5.8

Use the Tabular Method to compute [ e*” sin 3zdz.
As before, we first set up the table as shown in Figure 8.5.2.

Putting together the pieces, noting that the derivatives in the left column will never vanish, we have
2 . 1 9 3 2x . 1 2z
e“* sin 3xdx = 7sin 3x — 78 3z)e* + [ (—9sin3z) 1° dx
The integral on the right is a multiple of the one on the left, so we can combine them,
1 1
T3 /eh sin3zdzx = (Esin 3x — %cos 33:) e
or

2 3
2r _ . _ 2z
/ e’ sin 3xdx = (—13 sin 3x - cos 3z> e

Differentiation Under the Integral

Differentiation Under the Integral Sign and Feynman'’s trick.

Another method that one can use to evaluate this integral is to differentiate under the integral sign. This is mentioned in the
Richard Feynman’s memoir Surely You're Joking, Mr. Feynman!. In the book Feynman recounts using this "trick" to be able to do
integrals that his MIT classmates could not do. This is based on a theorem found in Advanced Calculus texts. Reader’s unfamiliar
with partial derivatives should be able to grasp their use in the following example.
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Theorem 8.5.1

. Of(z,t . . . . N
Let the functions f(x,t) and % be continuous in both ¢, and z, in the region of the (¢,z) plane which includes a(z)
L

<t <b(z),zo <z <z, where the functions a(z) and b(z) are continuous and have continuous derivatives for zy < z < z;.
Defining

(z)
F(z) = /:) fz, t)dt,

then

dF(z) _ (6F> db o <8F> d_a+/‘:(z) %f(x,t)dt

dz b ) dx da ) dx o)
(8.5.9)
’ ’ o) 5}
= fo bW @)~ floa@Na’ @)+ [ s
for o < z < z1. This is a generalized version of the Fundamental Theorem of Calculus.
In the next examples we show how we can use this theorem to bypass integration by parts.
Example 8.5.9
Use differentiation under the integral sign to evaluate [ ze®dz. First, consider the integral
eaz
I = ar gy —
(z,a) /e dz -
Then,
oI
E,:a’ ®) = /:Ue‘””dw
SO
I
/a:e‘”dzz 2 E;;’a)
= % (/ e”dm>
(8.5.10)

_i(eaw)
T da \ a

T 1
(E - ﬁ) paz

Evaluating this result at a = 1, we have
/:L’ezdz =(z—1)e"

The reader can verify this result by employing the previous methods or by just differentiating the result.

Example 8.5.10

We will do the integral fo’r x? cos xdx once more. First, consider the integral
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™
I(a) = / cos azdx
0
3 ™
_ Smar (8.5.11)
a 0
_ sinam
o a
Differentiating the integral I(a) with respect to a twice gives
d’I @
& = 7/ z2 cos azdz
da2 0
Evaluation of this result at « = 1 leads to the desired result. Namely,
i d’I
/ z?coszdr = — (2a)
0 da a=1
_ d? ( sin am )
T da?2 \ a
¢ a=tla=1 (8.5.12)
_ d (aﬂcosaﬂ'—sinmr) ) |
B da a? o =il
_ < a’m? sin am + 2aw cos am — 2sin am
- —27.

Trigonometric Integrals

Other types of integrals that you will see often are trigonometric integrals. In particular, integrals involving powers of sines and
cosines. For odd powers, a simple substitution will turn the integrals into simple powers.

Example 8.5.11

For example, consider

/ cos® zdz

Solution

This can be rewritten as

/cos3 rdr = /cos2 x cos xdx
Integration of odd powers of sine and cosine. Let u = sin z. Then, du = cos zdz. Since cos?z = 1 — sin’ z, we have
/cos3 rdr = /cos2 x cos xdx

= / (1 —u2) du
(8.5.13)

13
=u— — C
U 3u +
. 1 3
=smar:f§sm z+C.

A quick check confirms the answer:
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d 1
o (sinac — —sin®z + C) = cosx —sin’ z cos x
dz 3

= cosz (1 —sin’z) (8.5.14)

= (3083 T

Even powers of sines and cosines are a little more complicated, but doable. In these cases we need the half angle formulae
(A.24)-(A.25).

(Integration of even powers of sine and cosine).

Example 8.5.12

As an example, we will compute

2
/ cos? zdz
0

Solution

Substituting the half angle formula for cos? z, we have

2m 1 2m
/ cos?zdr = = / (14 cos2z)dz
0 2 Jo

1 LI 22 (8.5.15)
= E(Z*ESIH 1‘)0

=T

We note that this result appears often in physics. When looking at root mean square averages of sinusoidal waves, one needs the
average of the square of sines and cosines. Recall that the average of a function on interval [a, b] is given as

b
fave = ! / f(.’l})d.’l}

b—a

So, the average of cos? z over one period is

1 2m

1
2
— dr = —.
3 0cos:tc:v 2

. . 1
The root mean square is then found by taking the square root, —.

V2
Recall that RMS averages refer to the root mean square average. This is computed by first computing the average, or mean, of

the square of some quantity. Then one takes the square root. Typical examples are RMS voltage, RMS current, and the average
energy in an electromagnetic wave. AC currents oscillate so fast that the measured value is the RMS voltage.

Trigonometric Function Substitution

Another class of integrals typically studied in calculus are those involving the forms v1 — x2, V1 + z2, or \(\sqrt{x*2 — 1\). These
can be simplified through the use of trigonometric substitutions. The idea is to combine the two terms under the radical into one
term using trigonometric identities. We will consider some typical examples.
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Example 8.5.13

Evaluate [ V1 — 22dz.
Solution
Since 1 — sin? § = cos? 6, we perform the sine substitution
x =sinf, dzx = cosfdf
In any of these computations careful attention has to be paid to simplifying the radical. This is because
Va2 = |z].

For example, /(—5)2 = v/25 = 5. For = = sin 6, one typically specifies the domain —7/2 < 6 < «/2. In this domain we have
| cos 6] = cos 6.

Then,

/\/1—x2dm=/\/1—sin20(:os€d0

= / cos? 0do.

(8.5.16)

Using the last example, we have
1 1
V1—22de == (60— —si :
/ x?dx 5 (0 251n20) +C

However, we need to write the answer in terms of . We do this by first using the double angle formula for sin 20 and cos 6

= +v/1— z2 to obtain
1
/\/1—x2da:= 5 (sinflx—ac\/l—aﬂ) +C.

Similar trigonometric substitutions result for integrands involving v/1 + 22 and V22 — 1. The substitutions are summarized in
Table A.6. The simplification of the given form is then obtained using trigonometric identities. This can also be accomplished by
referring to the right triangles shown in Figure 8.5.3.

Table 8.5.2: Standard trigonometric substitutions.

Form Substitution Differential

a? —x? z=asinf dx = a cos 0df
Va? + z? z=atanf dz = asec? df

72 —a? T = asecl dz = asecftan 0do
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x = sin® x = tan @ x = secf

(Y
=

V14 x?

0 7, 0
V1 — x2 1 1

Figure 8.5.3: Geometric relations used in trigonometric substitution.

Example 8.5.14

Evaluate [ v2? + 4dz.

Solution

Let z = 2tan . Then, dz = 2sec? df and

\/m2+4:\/4tan20+4:2secﬂ

So, the integral becomes
2 /4
/ Va2 + dds = 4/ sec® 0df
0 0

One has to recall, or look up,

1
/sec3 0do = E(tanaseCO +In|secfd + tanf|) + C.
This gives

2
/ vV 22 + 4dx = 2[tanfsec § + In | sec 6 + tan0|}g/4
0

=2(vV2+ I |V2+1| — (0+1n(1))) (8.5.17)

=2(vV2+In(vV2 +1))

Example 8.5.15

Evaluate [ ———,z > 1.

Solution

In this case one needs the secant substitution. This yields
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/ dx _ sec 0 tan 6d6
V-1 Vsec2f —1
_ / sec 0 tan 6d6

tan 6

= / sec 0df

=In(secf + tan ) + C

:]n(a:-f—\/ﬂ)-f-c.

Example 8.5.16

dx
Evaluate | —, =z > 1.
/ zVzx?—1

Again we can use a secant substitution. This yields

/ dx _ / sec O tan 6dO
zVzx?—1 secOvsec? — 1
sec B tan 6
a / secGtan@da

=/d0=0+C=secflx+C.

Hyperbolic Function Substitution

Even though trigonometric substitution plays a role in the calculus program, students often see hyperbolic function substitution
used in physics courses. The reason might be because hyperbolic function substitution is sometimes simpler. The idea is the
same as for trigonometric substitution. We use an identity to simplify the radical.

Example 8.5.17

Evaluate [ V2% + 4dz using the substitution = 2sinhu.
Solution

Since z = 2sinh u, we have dz = 2 cosh udu. Also, we can use the jdentity cosh? v — sinh? u = 1 to rewrite

Va?+4=1/4sinh®u+ 4 = 2coshu

The integral can be now be evaluated using these substitutions and some hyperbolic function identities,

sinh ™1

2
/ V2 +4dr = 4/ cosh? udu
0 0

sinh ' 1
= 2/ (1 + cosh2u)du
0
. I (8.5.18)
=2 [u + —sinh Zu}
2 0
= 2[u + sinh u cosh u]{"t E

= (sin}f1 1+ \/5)
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In Example A.17 we used a trigonometric substitution and found
2
/ Va2 +4=2(V2+In(vV2+1))
0

This is the same result since sinh ™! 1 = In(1 + v/2).

Example 8.5.18

dz
Evaluate [ ——— for z > 1 using hyperbolic function substitution.
V2 —1

Solution

This integral was evaluated in Example 8.5.16 using the trigonometric substitution z = sec # and the resulting integral of sec 6
had to be recalled. Here we will use the substitution

z =coshu, dz=sinhudu, Vz2—1=1/cosh’u—1=sinhu

Then,

/ dx _/ sinh udu
vz —1 sinhu
du = C
/ u=u-+ (8.5.19)

coshlz+C

%1n(x+M)+c, z>1

This is the same result as we had obtained previously, but this derivation was a little cleaner.

Also, we can extend this result to values = < —1 by letting z = - cosh w. This gives

dx 1
e _Z NP — _
/ —— 2ln(gc—i— x 1>+C, z < —1

Combining these results, we have shown

dz. 1 o — 9

We have seen in the last example that the use of hyperbolic function substitution allows us to bypass integrating the secant
function in Example 8.5.16 when using trigonometric substitutions. In fact, we can use hyperbolic substitutions to evaluate
integrals of powers of secants. Comparing Example 8.5.16 and Example 8.5.18, we consider the transformation sec # = coshu. The
relation between differentials is found by differentiation, giving

sec 0 tan 0df = sinh udu
Since
tanh? = sec?f — 1
we have tan 0 = sinh u, therefore

du

coshu

df =

In the next example we show how useful this transformation is.
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(Evaluation of [ sec8df).

Example 8.5.19

Evaluate [ secdf using hyperbolic function substitution.
Solution

From the discussion in the last paragraph, we have

/sec@d@z /du

=u+C
= cosh ! (sech) + C

(8.5.20)

We can express this result in the usual form by using the logarithmic form of the inverse hyperbolic cosine,
cosh™ 'z =In (z + Va2 — 1)
The result is

/ sec 0df = In(sec 0 + tan 6)

This example was fairly simple using the transformation sec 6§ = cosh u. Another common integral that arises often is integrations of
sec? 6. In a typical calculus class this integral is evaluated using integration by parts. However. that leads to a tricky manipulation
that is a bit scary the first time it is encountered (and probably upon several more encounters.) In the next example, we will show
how hyperbolic function substitution is simpler.

(Evaluation of [ sec? 6do).

Example 8.5.20

Evaluate [ sec® 8d6 using hyperbolic function substitution.

Solution

. . . . d
First, we consider the transformation sec § = cosh v with df = —7;1 Then,
coshu

/sec3 0d0:/ du
coshu

This integral was done in Example A.7, leading to
/sec3 0df = 2tan"'e* + C

While correct, this is not the form usually encountered. Instead, we make the slightly different transformation tan 6 = sinh u.
Since sec? = 1 + tan? 6, we find sec § = cosh u. As before, we find

du
" coshu

Using this transformation and several identities, the integral becomes
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/se03 0do = /cosh2 udu

= %/(1 + cosh 2u)du

1 1 .
== (u + —sinh QU)
2 2 (8.5.21)

(u + sinh u cosh u)
(cosh™" (sec §) + tan fsec §)

(sec@tan 6 + In(sec 6 + tan6))

(Y Y I O

There are many other integration methods, some of which we will visit in other parts of the book, such as partial fraction
decomposition and numerical integration. Another topic which we will revisit is power series.

This page titled 8.5: Integrals is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman via
source content that was edited to the style and standards of the LibreTexts platform.
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8.6: Geometric Series

Infinite series occur often in mathematics and physics. Two series Which occur often are the geometric series and the binomial
series. We will discuss these next.

Definition: Geometric Series

A geometric series is of the form
oo
Zar” —a+tar+ar’+..+ar"+...
n=0

Here a is the first term and r is called the ratio. It is called the ratio because the ratio of two consecutive terms in the sum
is 7.

Example 8.6.1

1+2+5 4=+
2 487

is an example of a geometric series. We can write this using summation notation,

1 1 1 X /1\"
1+5+Z+§+"'_21(5)

n=0
. . 1. . .
Thus, a = 1 is the first term and r = 2 is the common ratio of successive terms.

Next, we seek the sum of this infinite series, if it exists.

The sum of a geometric series, when it exists, can easily be determined. We consider the nth partial sum:
spn=a+ar+..+ar" 24+ ar"!
Now, multiply this equation by r.
rs,=ar+ar’+..+ar" ' +ar"
Subtracting these two equations, while noting the many cancelations, we have
\[ \begin{aligned} (1-r) s_{n}=&\left(a+a r+\ldots+a r*{n-2}+a r*{n-1\right) \
\[4pt] &-\left(a r+a rr{2}+\ldots+a rA{n-1}+a r*{n}\right) \
\[4pt] =& a-a rM{n} \
Misplaced &
Thus, the nth partial sums can be written in the compact form

S = % (8.6.1)

The sum, if it exists, is given by S = lim,_,., s,. Letting n get large in the partial sum (Equation 8.6.1), we need only evaluate
lim,,_,, r". From the special limits in the Appendix we know that this limit is zero for |r| < 1. Thus, we have
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\[\begin{aligned} &\text { Geometric Series } \

\[4pt] &\sum_{n=0}*{\infty} a rAM{n}=\dfrac{a}{1-r*\prime}}, \quad]r|<1\
Misplaced &

The sum of the geometric series exists for |r| < 1 and is given by

The reader should verify that the geometric series diverges for all other values of r. Namely, consider what happens for the
separate cases |r| > 1,r=1and r = —1.

Next, we present a few typical examples of geometric series.

Example 8.6.2
i .
n=0 2"

Solution

In this case we have thata=1and r = 3 Therefore, this infinite series converges and the sum is

1

S = =2

1
1— =
2

Example 8.6.3
>
k=2 3k
Solution
In this example we first note that the first term occurs for k£ = 2. It sometimes helps to write out the terms of the series,
X4 4 4 4 4
;——§+—+—+—+...

4 3k 3 3 g

. . 4 1 . . . .
Looking at the series, we see that a = 9 andr = 3 Since [r| < 1, the geometric series converges. So, the sum of the series

is given by

Example 8.6.4

Solution
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Finally, in this case we do not have a geometric series, but we do have the difference of two geometric series. Of course, we
need to be T A rearrangement of terms in an infinite careful whenever rearranging infinite series. In this case it is allowed
series is allowed when the series is absolutely convergent. (See the Appendix.)

Now we can add both geometric series to obtain

S(E-2)-—Z -5 5 1.3
on 50 ) T 1 1 - 2 2

n=1

Geometric series are important because they are easily recognized and summed. Other series which can be summed include
special cases of Taylor series and telescoping series. Next, we show an example of a telescoping series.

Example 8.6.5

s 1

"=l n(n+1)
Solution

The first few terms of this series are

1 1,1, 1. 1,
nin+l1) 2 6 12 20

n=1
It does not appear that we can sum this infinite series. However, if we used the partial fraction expansion

1 1 1

nn+1) n n+l

then we find the £ th partial sum can be written as

\[ \begin{aligned} s_{k} &=\sum_{n=1}*{k} \dfrac{1}{n(n+1)} \

\[4pt] &=\sum_{n=1}*{kNleft(\dfrac{1}{n}-\dfrac{1}{n+1}\right) \
Misplaced &

We see that there are many cancelations of neighboring terms, leading to the series collapsing (like a retractable telescope)
to something manageable:

1

=1- —
Sk E+1
. . . o 1
Taking the limit as k — oo, we find ">, m =1.
nn

Actually, what are now known as Taylor and Maclaurin series were known long before they were named. James Gregory
(1638-1675) has been recognized for discovering Taylor series, which were later named after Brook Taylor (1685-1731). Similarly,
Colin Maclaurin (1698-1746) did not actually discover Maclaurin series, but the name was adopted because of his particular use
of series.

This page titled 8.6: Geometric Series is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman
via source content that was edited to the style and standards of the LibreTexts platform.
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8.7: Power Series

ANOTHER EXAMPLE OF AN INFINITE SERIES that the student has encountered in previous courses is the power series.
Examples of such series are provided by Taylor and Maclaurin series.

A power series expansion about z = a with coefficient sequence ¢, is given by > > c,(z — a)". For now we will consider all
constants to be real numbers with z in some subset of the set of real numbers.

Consider the following expansion about z =0 :

o]

Zx”=1+x+x2+...
n=0

We would like to make sense of such expansions. For what values of z will this infinite series converge? Until now we did not pay
much attention to which infinite series might converge. However, this particular series is already familiar to us. It is a geometric
series. Note that each term is gotten from the previous one through multiplication by r = z. The first term is a = 1. So, from
Equation 8.6.5, we have that the sum of the series is given by

1
Zx":—l_z, lz] <1

f(x) f(x)

1.20 g

X

1.10
1.00
90

7/

\

&

7 0.80
—02-01 01 02

0.80
~02-01 01 02
(a) (b)

X

X

Figure 8.7.1: (a) Comparison of

(solid) to 1 + z (dashed) for z € [—0.2,0.2]. (b) Comparison of
€[-0.2,0.2].

(solid) to 1 + = + z? (dashed) for x

l1—z 11—z

In this case we see that the sum, when it exists, is a simple function. In fact, when z is small, we can use this infinite series to
provide approximations to the function (1 — z)~L. If z is small enough, we can write

A—2)'rl4z
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b : % X
—-1.0 -5 0 N

1 .
(solid) to
1—=x

1+ & + 2 (dashed) and 1 + z + z2 + 23

Figure 8.7.2: Comparison of

In Figure 8.7.1a we see that for small values of = these functions do agree. (dotted) for z € [—1.0,0.7].
Of course, if we want better agreement, we select more terms. In Figure 8.7.1b we see what happens when we do so. The
agreement is much better. But extending the interval, we see in Figure 8.7.2 that keeping only quadratic terms may not be good

enough. Keeping the cubic terms gives better agreement over the interval.

Finally, in Figure 8.7.3 we show the sum of the first 21 terms over the entire interval [—1, 1]. Note that there are problems with
approximations near the endpoints of the interval, z = +1.

f(x)
5.0

4.0
3.0

2.0

—_

X

10 -5 0 5 10
1

—— (solid) to 2 2" forz e [-1,1].
— T

Figure 8.7.3: Comparison of

Such polynomial approximations are called Taylor polynomials. Thus, T3(z) = 1 + z + 2? + 2® is the third order Taylor polynomial

approximation of f(z) = T
— T

With this example we have seen how useful a series representation might be for a given function. However, the series
representation was a simple geometric series, which we already knew how to sum. Is there a way to begin with a function and then
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find its series representation? Once we have such a representation, will the series converge to the function with which we started?
For what values of z will it converge? These questions can be answered by recalling the definitions of Taylor and Maclaurin series.

A Taylor series expansion of f(z) about z = a is the series

where

Note that we use ~ to indicate that we have yet to determine when the series may converge to the given function. A special class
of series are those Taylor series for which the expansion is about z = 0. These are called Maclaurin series.

Maclaurin series expansion.

A Maclaurin series expansion of f(z) is a Taylor series expansion of (z) about z = 0, or

f@) ~ > enl)
n=0
where
()
en = n!

Example 8.7.1

Expand f(x) = e® about z = 0.

Solution

We begin by creating a table. In order to compute the expansion coefficients, c,, we will need to perform repeated
differentiations of f(z). So, we provide a table for these derivatives. Then, we only need to evaluate the second column at z
= 0 and divide by n!.

Next, we look at the last column and try to determine a pattern so that we can write down the general term of the series. If
there is only a need to get a polynomial approximation, then the first few terms may be sufficient. In this case, the pattern is

. 1
obvious: ¢, = —. So,
n!
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Example 8.7.2

Expand f(x) = e® about z = 1.
Solution

Here we seek an expansion of the form e ~ >  c,(z — 1)". We could create a table like the last example. In fact, the
last column would have values of the form i'. (You should confirm this.) However, we will make use of the Maclaurin series
n:

expansion for e® and get the result quicker. Note that e* = e~ 11 = ee*~1. Now, apply the known expansion for e® :

exNe(1+(x_1)+ ($—21)2 n (1';'1)3 +) :ie(wn;'l)"

n=0

Example 8.7.3

Expand f(z) = T !

about z = 0.

Solution

This is the example with which we started our discussion. We can set up a table in order to find the Maclaurin series
coefficients. We see from the last column of the table that we get back the geometric series Equation 8.7.1.

f™ ()

1 1 1 L _
1—a) =t

2 2(1) 2(1) A
1—a) 2l

3 3(2)(1) 3(2)(1) &y
(1—2)4 3!

So, we have found

We can replace ~ by equality if we can determine the range of z-values for which the resulting infinite series converges. We will
investigate such convergence shortly.

Series expansions for many elementary functions arise in a variety of applications. Some common expansions are provided in
Figure 8.7.4.
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Series Expansions You Should Know
. PRI R— o 7
e = 14x4+—=—4+—-4+—-4+... = —
2 73 = nl
2 4 o 2n
x° X X
cosx = l1——+4——... = (-1)"
23 4; ,?;) (an)! 1
¥ oox & x2t
siny = x—+——... = (-1)"
35! n;o @D
x x = x!
coshx = 1+?+I+”' = ,,2_0(2”)!
3 5 w2+l
. X x
sinhy = xFgptgte - n;)(zwrl);
L P = ix"
T—% 3
n;oO
1 2_ .3
— = 1- — = —x)"
Trx x+x"—x"+ HE:O( x)
¥ 45 7 © x2n+1
tan—1 = — = — — _1\n
S T T LD T
2 3 o0 ez
- XX - _qynt X
In(1+x) = x-%+3 n;( nre

Figure 8.7.4: Common Mclaurin Series Expansions

We still need to determine the values of z for which a given power series converges. The first five of the above expansions
converge for all reals, but the others only converge for |z| < 1.

We consider the convergence of >~ ¢,(z — a)". For z = a the series obviously converges. Will it converge for other points? One
can prove

Theorem 8.7.1

If >0° ,cn(b— a)™ converges for b+ a, then 37, c,(z — a)™ converges absolutely for all z satisfying |z — a| < |b — a].
This leads to three possibilities
1. >0, cn(z —a)™ may only converge at z = a.

2. Y, cn(z —a)™ may converge for all real numbers.
3. Y2y cen(z —a)™ converges for \(|x-a|R\).

(Interval and radius of convergence). The number R is called the radius of convergence of the power series and (a — R,a + R) is
called the interval of convergence. Convergence at the endpoints of this interval has to be tested for each power series.

In order to determine the interval of convergence, one needs only note that when a power series converges, it does so absolutely.
So, we need only test the convergence of 3> [c.(z — a)"| = >_1° |en| |z — a|™. This is easily done using either the ratio test or
the nth root test. We first identify the nonnegative terms a,, = |c,| |z — a|™, and then we apply one of the convergence tests from

the calculus curriculum.

For example, the nth Root Test gives the convergence condition for a,, = |c,| |z — a|™,
p= lim {/a, = lim 1/|c,| |z —a|< 1
n—oo n—oo
Since |z — a| is independent of n,, we can factor it out of the limit and divide the value of the limit to obtain

-1
|z —al < (JL%\/‘CM) =R

Thus, we have found the radius of convergence, R.

Similarly, we can apply the Ratio Test.
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T An+1 T |cn+1‘
p = lim = lim ———|
n—oo  a, n—o0 ‘Cn|

z—al <1

Again, we rewrite this result to determine the radius of convergence:

-1
|z —al < (lim M) =R

n—oo |cpl

Example 8.7.4

n

Find the radius of convergence of the series e” = >~ > w—'

n:
Solution
Since there is a factorial, we will use the Ratio Test.

nl| 1
= lim ————|z| = lim z| =0
P =t Ty = e e

Since p = 0, it is independent of |z| and thus the series converges for all z. We also can say that the radius of convergence is
infinite.

Example 8.7.5

. . . 1
Find the radius of convergence of the series 1

— X

=22
Solution
In this example we will use the nth Root Test.
p= T}g& Vlz| = |z| < 1.

Thus, we find that we have absolute convergence for |z| < 1. Setting z = 1 or z = —1, we find that the resulting series do not
converge. So, the endpoints are not included in the complete interval of convergence.

In this example we could have also used the Ratio Test. Thus,
o1

p=lim —|z| = |z| < 1.
n—oo 1

We have obtained the same result as when we used the nth Root Test.

Example 8.7.6

Find the radius of convergence of the series "~ ;

3"(x —2)"
- .

Solution

In this example, we have an expansion about z = 2. Using the nth

of 3"
p=lim{/—|z—2|=3]z—2| < 1.
n—o0 n

Root Test we find that
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. . - . . 1 . . 1 .
Solving for |z —2| in this inequality, we find |z —2| < 3 Thus, the radius of convergence is R = 3 and the interval of
1

convergence is (2— 1 24 _) = (é 1)
9 3’7 3) \3°3)

1 o s q
=5 g This is the harmonic

n=1

- - . 7 . s
As for the endpoints, we first test the point =z = 3 The resulting series is >,
series, and thus it does not converge. Inserting x = 3 we get the alternating harmonic series. This series does converge. So,

we have convergence on E, ;) However, it is only conditionally convergent at the left endpoint, z = %

Example 8.7.7

q . 1
Find an expansion of f(z) = ) about z = 1.
T

Solution

Instead of explicitly computing the Taylor series expansion for this function, we can make use of an already known function.
We first Write f(z) as a function of z — 1, since we are expanding about z = 1; i.e., we are seeking a series whose terms are
powers of z — 1.

This expansion is easily done by noting that . Factoring out a 3, we can rewrite this expression as a sum

z+2 (z—1)+3
of a geometric series. Namely, we use the expansion for

()=
g\z) =
1+2 (8.7.1)
=1—z+22—2+ ...
and then we rewrite f(x) as
1
f@) = —
_ 1
T (x—1)+3
1

3 [1+%(a¢71)]

1 1

3 1+§(x71)

1 1 1 ]
Note that f(z) = 39 (E(m — 1)) for g(z) = e So, the expansion becomes
z

1 1 1 2 1 g
f@) =3 [1 — =1+ (g(cc— 1)) - (g(x - 1)) + }
This can further be simplified as

11 1 )
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Convergence is easily established. The expansion for g(z) converges for |z| < 1. So, the expansion for f(x) converges for
‘—g(m— 1)‘ < 1. This implies that |z — 1| < 3. Putting this inequality in interval notation, we have that the power series

converges absolutely for z € (—2,4). Inserting the endpoints, one can show that the series diverges for both x = —2 and =
= 4. You should verify this!

Example 8.7.8

Prove Euler's Formula: e = cos + i sin 6.
Solution
Euler's Formula, e = cos § + isin 6, is an important formula and is used throughout the text.
As a final application, we can derive Euler’'s Formula,
e’ = cos + isinf

where i = v/—1. We naively use the expansion for e* with z = i6. This leads us to

(@7, @©)° , @'

0 _ 3
e’ =1+1i0+ 20 30 1

Next we note that each term has a power of i. The sequence of powers of i is given as {1,4,—1,—i,1,4,—1,—é,1,4,—1,—4,...}.
See the pattern? We conclude that

i" =i", where r = remainder after dividing n by 4

This gives

; 62 ot 6° 6°
6 .
e _(1_E+_!_..')+Z<9_§+ﬁ_m)

We recognize the expansions in the parentheses as those for the cosine and sine functions. Thus, we end with Euler's
Formula.

We further derive relations from this result, which will be important for our next studies. From Euler’s formula we have that for
integer n :

e™ = cos(nb) + isin(nd)
We also have
e = (ew)n = (cos @+ isinf)"”
Equating these two expressions, we are led to de Moivre’s Formula, named after Abraham de Moivre (1667 — 1754),
(cos @+ isin )" = cos(nd) + isin(nb)

This formula is useful for deriving identities relating powers of sines or cosines to simple functions. For example, if we take n = 2
in Equation 8.7.8, we find

08 20 + isin 20 = (cos § + isin )% = cos? § — sin® § + 2i sin O cos 8
Looking at the real and imaginary parts of this result leads to the well known double angle identities
c0s20 = cos? 0 —sin?0, sin20 = 2sinfcos

formulae:
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c0s 260 = cos?0 —sin®0, sin20 = 2sinfcosd
Replacing cos? = 1 —sin? 0 or sin? § = 1 — cos? fleads to the half angle formulae:

(1 — cos 26)

po| =

cos?f = —(1+cos26), sin’f=

|~

We can also use Euler's Formula to write sines and cosines in terms of complex exponentials. We first note that due to the fact
that the cosine is an even function and the sine is an odd function, we have

e = cosf —isind

Combining this with Euler’'s Formula, we have that

et 4+ =i ) e _ e
cos@zf, sinf =

We finally note that there is a simple relationship between hyperbolic functions and trigonometric functions. Recall that

et +e*

hx =
cosnx B

If we let z = i6, then we have that cosh(if) = cosfand cos(iz) = coshz. Similarly, we can show that sinh(if) = isinf and sin(ix)
= —isinhz
Here we see elegant proofs of well known trigonometric identities.

cos 20 = cos® 0 —sin% 0

sin 260 = 2sin 6 cos 0

1
cos?f = 5(14—00520)
. 9 1
sin” 6 = 5(14—00520)
. 9 1
sin” 6 = 5(1—cos20),

Trigonometric functions can be written in terms of complex exponentials:

el 4 o0

cos) = ——
2

) 0 671‘9
sinf = -
2

Hyperbolic functions and trigonometric functions are intimately related.
cos(iz) = cosh,

sin(ix) = —isinh z.

This page titled 8.7: Power Series is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman via
source content that was edited to the style and standards of the LibreTexts platform.
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8.8: The Binomial Expansion

Another series expansion which occurs often in examples and applications is the binomial expansion. This is simply the expansion
of the expression (a + b)? in powers of a and b. We will investigate this expansion first for nonnegative integer powers p and then
derive the expansion for other values of p. While the binomial expansion can be obtained using Taylor series, we will provide a
more intuitive derivation to show that

(a + b)” — Z C"I‘Laﬂf’V‘b’l‘
r=0
where the C are called the binomial coefficients.

The binomial expansion is a special series expansion used to approximate expressions of the form (a + b)? for b < a, or (1 + z)?
for |z| < 1.

Lets list some of the common expansions for nonnegative integer powers.

(a—l—b)0 =1

(a+b)'=a+b

(a4 )% = a? + 2ab + b* (8.8.1)
(a+b)® = a® + 3a®b + 3ab® + b3

(a+b)* = a* + 4a®b + 6a%b? + 4ab® + b*

We now look at the patterns of the terms in the expansions. First, we note that each term consists of a product of a power of
a and a power of b. The powers of a are decreasing from n to ® in the expansion of (a + b)™. Similarly, the powers of b increase
from © to n. The sums of the exponents in each term is n. So, we can write the (k + 1) st term in the expansion as o™ *b*. For
example, in the expansion of (a 4 b)°! the 6 th term is a®' 5% = a*0b°. However, we do not yet know the numerical coefficients in
the expansion.

Pascal’s triangle is named after Blaise Pascal (1623-1662). While such configurations of numbers were known earlier in history,
Pascal published them and applied them to probability theory. Pascal’s triangle has many unusual properties and a variety of uses:

e Horizontal rows add to powers of 2.

e The horizontal rows are powers of 11 (1, 11, 121, 1331, etc.).

e Adding any two successive numbers in the diagonal 1-3-6-10-15-21-28... results in a perfect square.

e When the first number to the right of the 1in any row is a prime number, all numbers in that row are divisible by that prime
number. The reader can readily check this for the n = 5 and n = 7 rows.

e Sums along certain diagonals leads to the Fibonacci sequence. These diagonals are parallel to the line connecting the first 1
for n = 3 row and the 2 in the n = 2 row

Let’s list the coefficients for the above expansions.

n=20: 1
n=1: 1 1
n=2 1 2 1

This pattern is the famous Pascal’s triangle. There are many interesting the I in any row is a prime number, features of this
triangle. But we will first ask how each row can be generated.

We see that each row begins and ends with a one. The second term and can readily check this for the n = 5 next to last term have
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a coefficient of n. Next we note that consecutive pairs and n = 7 rows. in each row can be added to obtain entries in the next row.
For example, we have forrows n=2andn=3that1+2=3and2+1=3:

n=2:1 2 1

p N e
n=3:1 3 3 1

With this in mind, we can generate the next several rows of our triangle.

n =3 1 3 3 1

n =4 1 4 6 4 1

n =5 1 5 10 10 5 1

n =6: 1 6 15 20 15 6 1

So, we use the numbers in row n = 4 to generate entriesinrown =5:1+4 =54 + 6 = 10. We then use row n = 5 to get row n
= 6, etc.

Of course, it would take a while to compute each row up to the desired n. Fortunately, there is a simple expression for computing
a specific coefficient. Consider the k th term in the expansion of (a + b)". Let r = k — 1, for k = 1,...,n + 1. Then this term is of
the form C'a™"b". We have seen that the coefficients satisfy

cr=crt4+orl

Actually, the binomial coefficients, C”, have been found to take a simple form,

n n! _ n
Cr = (n—r)lrt ( r )

This is nothing other than the combinatoric symbol for determining how to choose n objects r at a time. In the binomial
expansions this makes sense. We have to count the number of ways that we can arrange r products of b with n — r products of a
. There are n slots to place the b’ s. For example, the r = 2 case for n = 4 involves the six products: aabb, abab, abba, baab, baba, and
bbaa. Thus, it is natural to use this notation.

Andreas Freiherr von Ettingshausen(1796-1878) was a German mathematician and physicist who in 1826 introduced the notation

n
( ) However, the binomial coefficients were known by the Hindus centuries beforehand.
T

So, we have found that

(a+b)n:i ( n >an—rbT

r=0
Now consider the geometric series 1 + z + x2 + ... We have seen that such this geometric series converges for |z| < 1, giving

1

14z+224..=
1—x

1 . . . . .
But, 12— (1—z)~L. This is a binomial to a power, but the power is not an integer.
— X

It turns out that the coefficients of such a binomial expansion can be written similar to the form in Equation 8.8.5. This example
suggests that our sum may no longer be finite. So, for p a real number, a = 1 and b = z, we generalize Equation 8.8.5 as

r=0

and see if the resulting series makes sense. However, we quickly run into problems with the coefficients in the series.
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Consider the coefficient for r = 1 in an expansion of (1 + z) L. This is given by
D G L G O
1 ] (=1=Dll T (=2)!

(~D)t = (~1)(-2)(-3) =

But what is (—1)!? By definition, it is

This product does not seem to exist! But with a little care, we note that

So, we need to be careful not to interpret the combinatorial coefficient literally. There are better ways to write the general binomial
expansion. We can write the general coefficient as

p p!
r ) (—r)!

pp—1)(p—r+1)(p—n) (8.8.2)
(p—r)ir!

pp—1)-(p—r+1)
7!

With this in mind we now state the theorem:

General Binomial Expansion

The general binomial expansion for (1 + z)? is a simple generalization of Equation 8.8.5. For p real, we have the following binomial
series:

(1+x)”:ip(p_l)"'r(!p_”l)xr, o < 1.

r=0
Often in physics we only need the first few terms for the case that z < 1:

(p—1)

(l—i—z)p:l—i-pm—l—p 5 :E2+O(:U3)

’U2

—1/2
The factor v = (1 — —2) is important in special relativity. Namely, this is the factor relating differences in time and length
C

measurements by observers moving relative inertial frames. For terrestrial speeds, this gives an appropriate approximation.

Example 8.8.1

For v « ¢ the first approximation is found inserting v/c = 0. Thus, one obtains v = 1. This is the Newtonian approximation
and does not provide enough of an approximation for terrestrial speeds. Thus, we need to expand ~ in powers of v/c.

First, we rewrite v as

Using the binomial expansion for p = —1/2, we have
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Example 8.8.2: Time Dilation Example

The average speed of a large commercial jet airliner is about 5080 mph. If you flew for an hour (measured from the ground),
then how much younger would you be than if you had not taken the flight, assuming these reference frames obeyed the
postulates of special relativity?

This is the problem of time dilation. Let At be the elapsed time in a stationary reference frame on the ground and At be that
in the frame of the moving plane. Then from the Theory of Special Relativity these are related by

At = yAT
The time differences would then be

At — AT = (1 —’y*l)At

_ (1 B /1 B Z_z) At (8.8.3)

The plane speed, 500mph, is roughly 225 m/s and ¢ = 3.00 x 108 m/s. Since V « ¢, we would need to use the binomial

approximation to get a nonzero result.
112
At—Ar=|1-4/1-— | At
C
1)2
1— 11— —+... At
( ( 2 ))

2
v
~ —At
2c?
225)?
= %(1 h) = 1.01 ns
2(3.00 x 10%)

(8.8.4)

Thus, you have aged one nanosecond less than if you did not take the flight.

Example 8.8.3: Small differences in large numbers:

Compute f(R,h) = VR?>+ h? — R for R = 6378.164 km and h = 1.0 m.

Inserting these values into a scientific calculator, one finds that

£(6378164,1) = /63781642 + 1 — 6378164 =1 x 10" m

In some calculators one might obtain o, in other calculators, or computer algebra systems like Maple, one might obtain other
answers. What answer do you get and how accurate is your answer?

The problem with this computation is that R >> h. Therefore, the computation of f(R,h) depends on how many digits the

computing device can handle. The best way to get an answer is to use the binomial approximation. Writing h = Rz, or x = 7

, we have
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=R
1,
~R[l1+—=z“| — R
2
1
= 5R$2
> (8.8.5)
== — =17.83926x%x10°%m
2 R?

Of course, you should verify how many digits should be kept in reporting the result.

In the next examples, we generalize this example. Such general computations appear in proofs involving general expansions
without specific numerical values given.

Example 8.8.4

Obtain an approximation to (a + b)? when a is much larger than b, denoted by a > b.

If we neglect b then (a + b)? ~ a?. How good of an approximation is this? This is where it would be nice to know the order of
the next term in the expansion. Namely, what is the power of b/a of the first neglected term in this expansion?

In order to do this we first divide out a as
b p
(a+b)P =a? (1+ —)
a

b . . . . . .
Now we have a small parameter, —. According to what we have seen earlier, we can use the binomial expansion to write
a
b n 00 p b T
( a ;0 ( r > a

. . b . .
Thus, we have a sum of terms involving powers of —. Since a > b, most of these terms can be neglected. So, we can write
a

b\? b b\?
<1+—) =1—|—p——|—0(<—> )
a a a
Here we used O(), big- Oh notation, to indicate the size of the first neglected term.

Summarizing, we have

(a+0b)" =af (H%)p

= aP (1 +p§ +0 ((%)2» (8.8.6)
=a? +pap§ + a0 ((g)Q)

Therefore, we can approximate (a + b)? ~ a? + pba?~!, with an error on the order of 2a?~2. Note that the order of the error
does not include the constant factor from the expansion. We could also use the approximation that (a + b)? ~ a?, but it is not
typically good enough in applications because the error in this case is of the order ba?~!.
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Example 8.8.5

Approximate f(z) = (a + z)? — a? for z < a.

In an earlier example we computed f(R,h) = VR?+ h?> — R for R =6378.164 km and h = 1.0 m. We can make use of the
binomial expansion to determine the behavior of similar functions in the form f(z) = (a + z)? — a®. Inserting the binomial
expression into f(z), we have as 2 . 0that

a

fx) =(a+x)? —a?
o [+2) -
—q? [% 10 ((%)2)] (8.8.7)

:O(%) as%—>0

This result might not be the approximation that we desire. So, we could back up one step in the derivation to write a better
approximation as

2
(a+x)”fap=ap71px+0((£) ) as = — 0
a a

We now use this approximation to compute f(R,h) = vV R? + h? — R for R = 6378.164 km and h = 1.0 m in the earlier example.
Weleta=R%,z=1andp= 3 Then, the leading order approximation would be of order

o((2)") = (o) ) ~ 24720
Thus, we have
/63781642 + 1 — 6378164 ~ a* pz
where
a*'pz = (63781642) /% (0.5)1 = 7.83926 x 10~

This is the same result we had obtained before. However, we have also an estimate of the size of the error and this might be
useful in indicating how many digits we should trust in the answer.

This page titled 8.8: The Binomial Expansion is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell
Herman via source content that was edited to the style and standards of the LibreTexts platform.
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8.9: Problems

1. Prove the following identities using only the definitions of the trigonometric functions, the Pythagorean identity, or the
identities for sines and cosines of sums of angles.
a.cos2x = 2cos’z —1
b. sin 3z = Asin3 z + Bsin z, for what values of A and B ?

c 0+ tanf =t (0 + ﬂ)
. SecC anv = tan | — — .
2 4
2. Determine the exact values of
T
a. sin —.
Sin 8
b. tan 15°.
C. cos 105°.

3. Denest the following if possible.

a. V3 —2v2.

b. V14 V2.

c. V5 +2v6.

dvVvs+2—vV5—2

e. Find the roots of 22 + 6z — 4v/5 = 0 in simplified form.

4. Determine the exact values of
a. sin (cos*1 E)
3
b. tan (sin_1 7)
A ( . 371_)
C. sin sm — .
2

5. Do the following.
a. Write (coshz — sinh 2)% in terms of exponentials.
b. Prove cosh(z — y) = cosh z cosh y — sinh z sinh y using the expo- nential forms of the hyperbolic functions.
c. Prove cosh 2z = cosh? z + sinh? z.
13 .
d. If coshz = T and z < 0, find sinh z and tanh z.

e. Find the exact value of sinh(arccosh 3).

6. Prove that the inverse hyperbolic functions are the following logarithms:

a.cosh 'z=1In (z + V2 — 1).

1 1+2x
b.tanh 'z = =1 .
an. X 2 n 1—z
7. Write the following in terms of logarithms:
4
a. cosh™ =.
b. tanh ™! l.
2
c.sinh™!2.

8. Solve the following equations for x.
a. cosh(z +1n3) = 3.

—2
b. 2tanh! x_l =1n2.

T
c.sinh?z — Tcoshz + 13 = 0.

9. Compute the following integrals.
a. f;ve2“”2dx.

3 5x
b. [[ ——

dx.
V2 +16
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10.

1.

12.

13.

14.

15.

J z3sin 3zdz. (Do this using integration by parts, the Tabular Method, and differentiation under the integral sign.)
J cos* 3zdz.
f(;r/4 sec® zdx.
[ e®sinh zdz.
[ V9 —z%dz
d . N
J ﬁ using the substitution z = 2tanh .
— X
. 4 dx . . . I
i fo ————, using a hyperbolic function substitution.
V9 + x?
i f : _xm2, using the substitution z = tanh w.

d . A
k. 795, using the substitutions £ = 2tan 0 and x = 2sinhu

(2 +4)%?

l f dx
" V322 —6z+4

Find the sum for each of the series:

a5+25+125+625+
‘ AR I
b. Z;.LO:O 4—n'

o 2
C-szg-

0 _1\n+1 E "
d ¥ () (2)
e ro (o +3)
(ot 3 )

3 _
f.3 0, ———. 9. What is 0.5697
P n(n + 3) g-hatis

5 Q@ 0 20

A superball is dropped from a 2.00 m height. After it rebounds, it reaches a new height of 1.65 m. Assuming a constant
coefficient of restitution, find the (ideal) total distance the ball will travel as it keeps bouncing.
Here are some telescoping series problems.

a.

. . . - 1
b. Find the nth partial sum of the series ">, (n+ n

n+2 n+l

) and use it to determine the sum of the resulting

telescoping series.
c. Sum the series >°°° | [tan~!n — tan~!(n + 1)] by first writing the N th partial sum and then computing limy_ -
Determine the radius and interval of convergence of the following infinite series:
n
a w2
z" "
b. >

n=1 ﬁ

Zrn(3)

n

d ¥, <—1>n%.

Find the Taylor series centered at z = a and its corresponding radius of convergence for the given function. In most cases,
you need not employ the direct method of computation of the Taylor coefficients.

a. f(x)=sinhz,a=0.

o

b. f(z)=v1+z,a=0.
1+z
c. f(z) lnl_x,a—
d. f(z)=ze"a=
e f(m)=%,a=1
f. fx)=2*+2—2,a=
rz—1
g' f(x)72+x7a*
Consider Gregory’s expansion
3 5 o0 k
1, _ . r oz (D" opi1
tan Tr=ro oty _k;zlwﬁ”
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a. expanding the integrand in a Maclaurin series, and integrating the resulting series term by term.
b. From this result, derive Gregory's series for 7 by inserting an appropriate value for z in the series expansion for tan™! .
16. In the event that a series converges uniformly, one can consider the derivative of the series to arrive at the summation of
other infinite series.

. . . . 1 .
a. Differentiate the series representation for f(z) = T to sum the series >~ 7, nz", |z| < 1.
n

b. Use the result from part a to sum the series >~ , T
c. Sum the series > 2, n(n — 1)z", |z| < 1.
2
. o N°—n
d. Use the result from part ¢ to sum the series >, o
e. Use the results from this problem to sum the series 37, R

17. Evaluate the integral fo"/6 sin? zdz by doing the following:
a. Compute the integral exactly.

b. Integrate the first three terms of the Maclaurin series expansion of the integrand and compare with the exact result.
4
18. Determine the next term in the time dilation example, A.38. That is, find the U—z term and determine a better approximation
C

to the time difference of 1 ns.
19. Evaluate the following expressions at the given point. Use your calculator or your computer (such as Maple). Then use series

expansions to find an approximation to the value of the expression to as many places as you trust.
1

a. ——— —cosz?atz=0.015
V1+ax?
1
b. In o —tanz at x = 0.0015.
1—z 1
c. f(#)=——= —1+2%atz=>500x10"73.
V14 222

f(R,h) =R —vR2+h2for R=1.374 x 10% km and h = 1.00 m.
flz)=1- forz = 2.5 x 10713,

1—=z

This page titled 8.9: Problems is shared under a CC BY-NC-SA 3.0 license and was authored, remixed, and/or curated by Russell Herman via
source content that was edited to the style and standards of the LibreTexts platform.
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